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PREFACE 


The progress in the study of physical processes taking place in the soil 
and the introduction and application of scientific methods and equipment to 
investigate soil properties have been outstanding over the past ten years. 

The large number of papers which have appeared in the USSR and 
various Furopean and American countries to some extent reflects the great 
interest shown by specialists in physics, mechanics, and physical chemistry, 
as well as biology and soil science in treating soil to an independent 
investigation. 

The special feature of these publications is the fact that they mainly 
shed light on problems such as the mechanical and structural properties 
of soils and their water and thermal regimes, and discuss the agronomical 
importance of these factors. 

However, a general book on soil physics which also includes such 
important considerations as the thermodynamics, electrophysics and 
nuclear physics of soils does not exist. At the same time, it is only a 
complete and all-embracing approach to the study of such a complex subject 
as soil which makes it possible to understand the physical nature of a 
number of highly important processes taking place in this medium, so 
leading to practical agrotechnical measures. Thus, for example, the 
flocculation mechanism of Soil colloids and structure formation processes 
result from the complex interactions of molecular and ionic-electrostatic 
forces. These forces largely determine the mechanical resistance to the 
action of cultivating tools and their sealing conditions. 

The introduction of electrophysical soil characteristics enables one to 
study in great detail processes such as moisture movement due to 
temperature gradients, the concentration of solutes, and also to estimate 
the effect of an external electric field on the rate of movement of soil 
moisture. 

The study of electrokinetic processes in soils creates a basis for 
developing electric methods for their improvement. The study ofabsorption, 
distribution and diffusion of natural and artificial radioisotopes in soil 
provides the basis on which a number of methods are developed to examine 
the hydrophysical processes and migration of nutrients. 

With gammagraphic, neutronic and nuclear-magnetic-resonance (NMR) 
methods, there are great possibilities now available in soil science and 
agriculture for studying humidity and density. 

The present book includes, as far as possible, all fields of physics 
which contribute to a comprehensive study of the most important soil 
processes, on whose basis practical recommendations may be made. 

A second feature of the book, which follows from both the type of 
questions being discussed and the scientific interests of the authors, is the 
use ofa physicomathematical approach tothe investigation of these problems. 


A scientific approach and the physicomathematical treatment enable the 
authors to study the physical processes in, and properties of the soil, and 
take into account their interrelation with biological processes resulting 
from the development of plants and microorganisms in the soil. This 
aspect has not been fully developed in the present work, due mainly to its 
exceptional complexity and the small number of scientific investigations 
carried out on a quantitative basis. 

The subject matter is expounded using both the information in the 
available literature and the results of the authors' own investigations. 

The book is intended for those working in the fields of agronomy, 
agriculture and soil science, and in the fields of soil physics, agrophysics 
and geophysics. 

The authors are aware that in undertaking such a complex and varied 
program they may not cover the material sufficiently well nor place equal 
emphasis on all its aspects. 


©. Nerpin, A. Chudnovskii 


INTRODUCTION 


Chapter I 


COMPOSITION OF SOILS AND THEIR PHYSICO- 
CHEMICAL AND PHYSICOMECHANICAL PROPERTIES 


§ 1. PHASE COMPOSITION OF SOILS 


Soil in general is a multiphase disperse system of solid, liquid and 
gaseous components. 

The conditions of phase equilibrium, namely, ni=const and T=const (where 
uw; is the chemical potential of the molecules of a given substance and T is 
the temperature) are not usually observed, since continuous transport of 
heat, aqueous solution and gas takes place in the soil due to the changing 
boundary conditions. This process usually implies the absence of thermo- 
dynamic equilibrium in the soil along the vertical. When the kinetics of 
phase transitions is not being considered, and the restoration of a disturbed 
phase equilibrium across any poreis considerably faster than the disturbance 
of thermodynamic equilibrium conditions along the depth of the soil layer, 
one may assume that phase equilibrium conditions are satisfied across 
pores at any moment. This assumption is usually permissible when 
considering the conditions for the movement of soil moisture in the form 
of liquid and vapor, i.e., the transition of ions from an exchange complex 
into solution. However, it cannot be applied to the slow dissolution process 
of soil minerals. 

The solid component of soil consists of particles with a great variety of 
dimensions, from a few centimeters (gravel, pebble) to a fraction of a 
micron (colloidal fractions ). 

The smaller the solid particles, and consequently the greater their total 
surface area per unit volume of the system (specific surface), the greater 
their effect on the physicomechanical and physicochemical properties of 
soils. This is due to the increasing role of surface forces, which depend 
on the chemical composition of the particles and on their structure near 
boundary surfaces. 

The colloidal fractions (particles smaller than 0.25), clay particles 
(0.25—1yu) and, to a lesser extent, silt particles (1—10y) have a special 
effect on soil properties. 

The solid phase of soils is of tremendous agricultural importance. The 
chemical and mineralogical composition, as well as the dimensions and 
Shapes of soil particles determine physicomechanical soil properties such 
as tensile and shear strength and, consequently, the capacity to maintain 
a water-stable crumb structure and a definite density in addition to the 
ratio of the volumes occupied in the soil by solid particles, liquid and gas. 


The role of the solid component of soils is to create the most favorable 
agrophysical conditions for the development of plants and microorganisms, 
and for the action of fertilizers introduced irto the soil. This role is very 
clearly displayed when artificial substitutes are sought. For example, a 
soil substitute such as a porous clay filler (used in the manufacture of 
concrete), which has a negligible exchange complex and is practically 
insoluble in water, only acts as a skeleton on which the nutrient is retained 
and which provides aeration for the root zone. 

The great agrochemical importance of solid particles is their being 
accumulators of nutrients, which are found in the mineral and organic 
particles as well as in the exchange complex at the boundary surface of 
particles with the soil solution. 

In direct contact with the solid phase of the soil is its liquid phase, i.e., 
the soil solution, which is the water source of plants. In addition, owing 
to the mobility of the soil solution and the high diffusion rate of solutes, it 
transports nutrients from the soil to the root system of plants: The 
composition of soil solutions is highly variable. It changes not only in 
different seasons of the year, but even during the course of a single day. 
The composition and concentration of soil solution are affected by factors 
such as evaporation, condensation and movement of moisture in the soil 
layer. 

When considering the phase composition of soils and the conditions for 
phase equilibrium, two facts should be pointed out. The firstis the existence 
of boundary phases in the form of adsorption monolayers at the boundaries 
of water and a solid, water and gas, and polymolecular water shells 
at the surface of lyophilic colloids. Deryagin et al. have shown that near 
solid surfaces polar fluids form boundary phases which differ from the 
remaining part of the liquid in their mechanical and physichemical 
properties. The second fact is the presence of-an ionic-electrostatic field 
near charged surfaces. * 

We should also mention the effect of varicus chemicals introduced into 
the soil on phase equilibrium conditions. The introduction of chemicals 
affects the composition of the soil solution and the surface layers of soil 
colloids. The interaction of the soil solution salts with colloids not only 
modifies the characteristics of the latter, but also affects the mechanical 
properties of soils. Measures such as the liming of acid soils, application 
of gypsum to alkaline soils, leaching of saline soils and acidification are 
applied, taking account of the interaction of the soil particles with the 
chemical substances introduced. 

The third constituent of soils, the gaseous phase, interacts directly with 
soil moisture. Substances in air, when dissolved in water, also interact 
with soil particles. Oxygen is an important component of soil air, since 
it is necessary for root respiration, oxidation of organic and mineral 
substances, and the activity of soil microorganisms. Soil air contains 
many water molecules, and movement of water in the form of vapor takes 
place along pores free of condensed moisture. 


§ 2. CHEMICAL AND MINERALOGICAL 
COMPOSITION OF SOILS 


The solid part of soil consists of mineral, organic and organomineral 
particles. 

The chemical and mineralogical composition of soil is determined by the 
nature of the parent rock from which the soil evolved, and by the sum total 
of physical, chemical and biological processes which take place in the 
uppermost part of the earth's crust. Mineral particles consist mainly of 
silicon oxide, aluminum oxide and ferric oxide. Compounds of calcium, 
magnesium, titanium, manganese, potassium, sodium, phosphorus, sulfur 
and microelements (boron, zinc, cobalt, copper, etc. ) constitute a small 
fraction of the overall mineralogical composition of soils. Table 1.1 shows 
the chemical composition of fractions smaller than ly in some soils. 


TABLE 1.1. Chemical composition of the colloidal fraction of soils, in % 


| soy | Fees | ais] 2204 | ino |c20 | go | x0 | seo. 
0.5 0.4 2.3 0,3 = 


61.7 0.3 


Soil type 


Podzolic (Onega area) ...... 


Sod -podzolic (Moscow Region) . 0.3 1:7 0.5 
Chemozem (Poltava Region) . 0.4 | traces Ox 
Sierozem (Turkmenia) ...... 0.1 | traces 0.7 


Organic colloids consist of humic and fulvic acids, protein, cellulose, 
resins and other complex compounds, The principal elements of these 
compounds are carbon, hydrogen, oxygen, nitrogen, sulfur and phosphorus. 
Organic colloids are often found in a compound with sodium, calcium, 
magnesium (base humates), with aluminum and ferric hydroxides, etc. 

The interaction energy between organic and mineral colloids may be 
higher than that between mineral colloids of the same kind; this is very 
important in structure formation. The interaction energy between different 
kinds of mineral colloids may be very high, particularly if the potential- 
determining ions in the particles have different signs (for example, colloids 
of ferric hydroxide and colloids of silicic acid), 

Minerals forming soil particles are divided, according to their origin, 
into primary and secondary types. The former include minerals which 
formed as a result of the cooling of magma, and the latter include those 
which formed from the primary minerals under the action of physical, 
chemical and biological processes in the weathering zone, 

Of the primary minerals the most abundant are feldspars, pyroxene and 
amphibole, micas and quartz. 

Secondary minerals may be subdivided into three groups: kaolinites, 
montmorillonites and illites (hydromicas), 

The kaolinite group is represented by three minerals: kaolinite, dickite, 
and nacrite, which form in an acid medium. The most abundant is kaolinite, 
which is a rock-forming mineral of most argillaceous soils. 

The approximate chemical composition of all the minerals of the kaolinite 
group is as follows: Al,03- 2SiO,-2H,O. Pure kaolinite is white in color 
with a specific weight of 2.58—2.60. The structure of its crystal lattice is 
stable, since the layers constituting the lattice carry opposite charges at 


their planes of contact; as a result, kaolinite has a limited capacity for 
moisture absorption and swelling. 

The montmorillonite group is characterized by complexity and diversity. 
It includes montmorillonite, beidellite, nontronite and saponite which form 
in alkaline media. When the alkaline environment becomes acidic, mont- 
morillonite disintegrates. Minerals of this group are present in many 
clayey (mainly finely dispersed) soils and are the principal ones in bentonite 
clays. Pure montmorillonite has a bright yellow or grayish color but is 
sometimes pinkish-red. Its specific weight is 2.0—2.2; its chemical 
composition is close to MgO: Al,O,: 4SiO,- H,O-nH,O. Montmorillonite is 
highly hydrophilic. 

A characteristic feature of the minerals of the montmorillonite group 
is the varying amount of water in them, depending sharply on the surround- 
ing humidity. The water may be absorbed from humid air and released 
into dry air. 

The crystal lattice of minerals of the montmorillonite group is similar 
in structure to the kaolinite lattice, with the important difference that at the 
planes of contact the individual lattice layers carry like charges. Asa 
result, the bond between the layers is loose and the lattice layers separate 
readily. 

Illites (hydromicas) constitute a large group of minerals which are found 
in many clayey soils. According to their properties, these minerals occupy 
an intermediate position between those of the kaolinite and montmorillonite 
groups. They form in an alkaline environment. The chemical composition 
approximates K,O- 3A1,03- 6SiO,- 2H,O; their specific weight is 2.76— 3.10. 
The structures of the hydromica and montmorillonite lattices are similar, 
but the presence of potassium ions between the layers, while strengthening 
the latter, imparts greater strength and lower mobility to the entire lattice. 
llites are more hydrophilic than kaolinite, but less so than montmorillonite. 


§ 3. MECHANICAL AND AGGREGATE COMPOSITION 
OF SOILS 


The most important characteristics of soils are their mechanical 
composition and structure. 

The mechanical composition characterizes a soil on the basis of the 
sizes of the primary particles constituting it, i.e., such particles whose 
strengths are determined by their molecular structure or that of the 
fragments of the parent rock. Since the specific surface of a disperse 
system is mainly determined by the size of its particles, and the specific 
surface in turn largely determines the chief properties of disperse systems, 
the mechanical composition should be regarded as one of the main classifi- 
cation criteria of soils. 

Soil formation involves the coagulation and agglomeration of primary 
particles, and the creation of new, larger particles. These aggregates are 
usually relatively small (less than 0.25mm diameter), and are therefore 
called microaggregates. Under the influence of mechanical factors, 
freezing, desiccation, development of root system, etc., these micro- 
aggregates may form larger aggregates (0.25—7mm); these are called 
macroaggregates. 


Certain soils, when wet, disintegrate into primary particles; when such 
soils subsequently dry and crumble, aggregates larger than 0.25mm may 
be formed, consisting not of microaggregates but of primary particles. 

In order to characterize the structure of soil aggregates the following 
terms are introduced: microaggregate, macroaggregate of the first order 
(composed of primary particles), macroaggregate of the second order 
(composed of microaggregates). 

Soils consisting mainly of primary particles are called structureless 
soils, those consisting of microaggregates are called microstructural soils 
and those consisting of macroaggregates of the second order are called 
macrostructural soils. Thus, the term ''soil structure” in soil science 
conveys a meaning different from the usual concept of ''structure." It is 
obvious that a so-called "structureless" soil has a certain structure, 
namely the arrangement of the primary particles, the size distribution of 
pores, spatial density variation, etc. 

In soil science the structure of a soil is characterized by the ratio of 
the content of macroaggregates of size 0.25— 7mm to the content of the 


remaining portion of soil. The quantity K =< (where C is the weight of 


aggregates of size 0.25—7mm, and B is the weight of the remaining soil, 
including microaggregates ) is called the structure coefficient. The larger 
the value of K, the more highly developed the structure of the soil. It 
follows from this formula that the quantitative concept of ''soil structure’ 
is merely an estimation of the relative amount of macroaggregates. 

The primary quantitative evaluation of structure takes account of the 
water-stability of the aggregates, i.e., their ability to withstand immersion 
in water, and consequently, their shear and tensile strengths. 

Since the concept "Structure" in the above narrow sense has become 
widespread in soil science and agriculture, we will not use the term in its 
wider application in order to avoid terminological confusion. However, the 
state of a soil at any given time, and its ability to create favorable conditions 
for plant growth and development also depend on its ''temporary structure, © 
which may result from cultivation practices. The period of preservation of 
such a ''temporary structure’ depends on the soil properties and meteoro- 
logical conditions. This ''temporary structure, ' which may form inallsoils, 
whether they consist only of primary particles or also of micro- and 
macroaggregates, will be described by the term ''soil configuration. '' 

The preservation of a favorable soil configuration depends largely on 
the soil's aggregate composition and on the water-stability of the aggregates, 
i.e., on the soil structure in the narrow sense (in the following we will not 
make this reservation when using the term). The better the aggregate 
composition of soils, i.e., the higher the structure coefficient, the longer- 
lasting the favorable soil configuration, and the less it is affected by 
unfavorable meteorological conditions, Structure does not only provide 
favorable water, air and thermal regimes in the soil, but also makes the 
soil resistant to erosion by water and air. 

In view of the great importance of soil structure, besides mechanical 
soil analyses the aggregate composition is also determined. 

Table 1.2 shows a classification of fractions according to the sizes of 
primary particles. The microaggregate group includes fractions consisting 
of agglomerated primary particles, i.e., aggregates roughly corresponding 


to the sizes of silt primary particles. The macroaggregate group includes 
fractions corresponding to sand and small gravel. 

The aggregate composition of soil is most clearly represented graphically 
in the form of a granulometric composition curve (Figure 1.1). A semi- 
logarithmic coordinate network is usually used to plot such a curve.’ The 
abscissa gives the logarithm of the fraction size (d, mm), and the ordinate 
shows the percentage of the fractions (n) below the given size. 


TABLE 1.2. Classification of primary particles 


Particle diameter, mm Name of fraction 


o5<d< 20 gravel, grit 
02 <d< 2 sand 
0O.0l<d< 0.25 silt 
d< 0.01 clay 
d< 0.001 colloidal fraction of clays 
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FIGURE 1.1. Integral granulometric composition curve: 


1—fine sand; 2—silty loam. 


sieve analysis is used to separate out fractions larger than 0.25 mm in 
diameter. Analysis of the content of fractions smaller than 0.25 mm is by 
the elutriation method, which is based on Stoke's formula for the fall 
velocity of particles: 


2r?g (0; —Pm) 
on ; 


where r is the radius of spherical particles, g is the acceleration due to 

gravity, n is the viscosity, and p, and p_, are the respective densities of 

the particles and the medium. Since soil particles are not spherical, the 

size-distribution of fractions as found by this method is somewhat arbitrary, 
The equilibrium distribution of particles immersed ina medium of density 

lower than that of the particles themselves is givenby the expression /1/ 


where V, and V,» are respectively the volumes of a single particle of the 
immersed substance and one volume unit of the medium; c=n,/n,, n, and 
n, being respectively the numbers of particles of the dispersed phase and 
of the medium in the solution; U; and U,, are the potential energies of the 
phase and of the medium particles in the gravitational field; #7 has its 
usual meaning. 

The magnitude of V,/V; is usually small compared with c and may be 
neglected. For example, for a volumetric concentration 107? of the 
suspension and a particle diameter of 107-°cm, Vn/V; is two orders lower 
than c. We may therefore write 


kT de , dUs — dm Vs 


———e 


c dz dz dz V = 0. 


1 


The energy of the particles in the gravitational field is 


U.=V;, 0.22, O..= V, Din &<. 


m 


Consequently, 
a =V.9.g and a= moe e: 
hence 
APF +.V.8 (0, — Pm) =0, 

whence 

7 = fai EP Pen) 2 or #2 = 6-0 
where 

a= a AE ee el) 


If the colloidal fraction being studied is ion stabilized, then the concen- 
tration co at the bottom of the vessel can be found from the additional 
condition 


where Q is the total amount of the substance of the given fraction dispersed 
in the vessel, A is the height of the solution in the vessel, and w is the 
cross-sectional area of the vessel. 

If we denote the average concentration of the Suspension by c¢,, and the 
equilibrium concentration at the top of the vessel by ¢,, we obtain 
Crlc,=ah/(ee*— 1). The distribution of equal-sized particles with height within 
the suspension is shown in Figure 1.2. 


Calculations show that Brownian motion should be taken into account for 
the fraction smaller than 0.005n. 

Before beginning the elutriation, the soil samples are prepared for the 
analysis. The purpose of this preparation is to achieve complete dispersion 
of the sample and stabilization of the particles, thus preventing their rapid 
flocculation during the analytic procedures (trituration, boiling, treatment 
by acids, alkalis and salts), 


c 


FIGURE 1.2. Concentration c of 
the colloidal fraction vs. height z 
within the vessel: 


1—initial; 2—intermediate; 
3— final. 


The same elutriation method as that used for mechanical analysis is also 
used for determining the microaggregate composition; however, in contrast 
to the former, the soil sample does not undergo preparation, as this would 
destroy the microaggregates. 

The macroaggregate composition of soils is determined by sieve analysis. 


§ 4. ULTRASONIC METHOD OF MECHANICAL 
ANALYSIS 


The ultrasonic method is very suitable for the preparation of soilsamples 
for mechanical analysis and for determining the stability of the soil struc- 
ture. In 1930 Wood and Lomis /2/ pointed out the possibility of ultrasonic 
applications for solving problems of this kind in soil science. A number 
of works subsequently appeared which studied the dispersing effect of 
ultrasonic waves on various powdery, granular and colloidal systems, with 
particular reference to minerals and clayey materials /3—7/. 

Recently, work on the preparation of soil samples for mechanical analysis 
using ultrasonic vibrations, was carried out at the Agrophysical Institute 
/8/. In this investigation attention was paid to the possibility of combining 
the mechanical and microaggregate methods of soil-sample analysis. The 
use of ultrasonic vibrations for this purpose was found to be preferable to 


other techniques described earlier, since these du not usually achieve 
complete dispersion, and show the microaggregate rather than the primary 
composition of soils; in addition, the use of chemical reagents results in 
the disintegration of the primary mechanical soil constituents, and thus 
the results of the analysis may be incorrect. 

The equipment used included a generator of ultrasonic oscillations, with 
a GK-3000 electron tube and a quartz plate acting as a transducer of 
electromagnetic into sound oscillations. The resonance frequency was 
550 ke and the working voltage 3.9kv. The transducer was placed horizontally 
at the bottom of an oil-filled bath, the temperature of which was maintained 
at a constant level by means of an ultrathermostat and a circulation system. 
The experiments were performed as follows: a dried and ground soil 
sample, weighing 100—150 g, was passed througha sieve of mesh diameter 
1mm; a portion of 12g was then selected and 155 ml of distilled water was 
added to it. The soil sample was placed in a reaction vessel, and mounted 
in the bath at a fixed and accurately determined distance from the quartz 
transducer. The intensity of the ultrasonic vibrations emitted by the 
transducer was calculated by the formula 


yv 1.44.107 yu? 

" PU 5 
v is the frequency of the sound oscillations (cps), U is the high-frequency 
voltage (v), p is the density of the medium (g/cm’*) and v,, is the velocity 
of the sound waves (cm/sec). 

The time of exposure to ultrasonic waves varied in the experiments from 
1 to 180 min and produced different effects, from disintegration of the soil 
aggregates to complete dispersion, the dynamics of which was observed. 
After exposure to sound, the fractions were separated by Stokes' method. 
The samples, which were taken by means of a pipette, were measured for 
their sediment content. For control, the mechanical composition of the 
Same samples was also analyzed using chemicals and by trituration.* The 
results obtained by Stepanov and Vladimirov are shown in Tables 1.3 and 1.4, 
as well as in Figure 1.3. It follows from Table 1.3 that in 3 hr the number 
of particles sized 1— 0.25 mm decreased by approximately half, and the 
number of the smallest particles ( < 0.001 mm) increased by a factor of 10. 
It is curious that the percentage of particles of intermediate size (diameters 
0.05— 0.01 mm) did not change. 

Even clearer is Figure 1.3 which shows the variation in the rate of 
particle destruction. The rate is highest after the first 5—10 min of 
vibration of the soil samples; the percentage of small fractions ( <0.01 mm) 
then increases linearly due to the decrease in the large fractions (0.25 — 
0.05mm). It is interesting that the process of establishing a stable 
mechanical composition terminates abruptly after 60 min exposure to sound; 
further exposure does not introduce any marked variations in the fractional 
composition ratio. It should also be noted that in the subsequent exposure 
period, from 60 to 180 min, there is a fractionation of primary particles, 
which is expressed by an increase of approximately 20% in the content of 
physical clay. Finally, Table 1.4 shows the close agreement between the 


* The same type of technique was used for identical purposes at the All-Union Scientific Research Institute 
of Hydroengineering and Melioration /9/. 


results of mechanical analysis obtained by the ultrasonic method and by two 
control methods (chemical treatment and trituration). 

In addition to dispersing the soils in order to facilitate their analysis, 
ultrasonic vibrations can be used to break up and crumble soil in order to 
improve cultivation methods, as wellasto modify the mechanical parameters 
of soils. The latter could create favorable conditions for tillage and show 
the possibilities of improving the design of cultivation tools. 
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FIGURE 1.3. Dynamics of soil aggregate destruction by ultrasonic vibra - 
tions: 


i—number of particles <0.01mm; 2~—number of particles 0.25—0.05mm. 


TABLE 1.3. Mechanical composition of soddy, slightly podzolic and heavy 
loamy soil (arable layer, sovkhoz Prigorodnyi, Leningrad Region): 


Exposure Fraction content, in % by weight (sizes in mm) 
time to 
sound, min} 1—0.25 | 0.25—0.05 | 0.05—0.01 | 0.01—0,005 | o.005—0.001 | < 0.001 
1 6.4 43,6 31.3 6.5 10,8 1.4 
3 d.1 38 3 31.6 7.9 13.8 3.3 
5 5.8 35.6 31.8 7.6 15.6 3.6 
10 5.7 31.8 32.0 7.9 18.0 4.6 
15 6.1 30,6 30,1 8.9 18.3 6,0 
20 5.7 28.3 31,7 9.0 19.0 6.3 
25 6.6 26.6 31.3 9,5 19.3 6.7 
30 5,0 26.3 30.0 8.4 23.0 8.3 
30 5.4 23.6 29.8 8.9 23,3 9.0 
40 4.9 22.3 29,7 9.8 23.4 10,1 
50 4.9 21,5 29,3 9.7 23.6 11,0 
60 3,8 17.2 29.7 11.3 24,4 12.6 
120 3.9 16.6 29,3 10.3 25.0 14.0 
180 3.6 15.4 30,7 10,7 24.6 15.0 


Recently, ultrasonic vibrations have been employed in an attempt to 
improve the technological processes of tillage and on this basis to develop 
new designs of soil cultivators. The physical basis of this approach is 
the following. It is known that the action of a soil cultivator (whose 
operation is based on the working principle of the wedge) is due to an applied 
force P. According to Goryachkin's equation /10/, the work done by this 
force is spent on compressing the soil, displacing its layers and overcoming 
frictional forces. From the balance equation of the mechanical energy in 
equilibrium conditions we have 


P=Nsina+/fR+/N cosa, 
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where Nis the normal reaction, f is the friction coefficient and R is the 
bottom reaction. If this wedge has an additional oscillatory motion, then 
the whole picture changes radically as a result of the presence of sound 
pressure /11/. 


TABLE 1.4. Comparison of analyses of the mechanical soil composition by 
different methods 


Sample Fraction content, in % by weight (sizes in mm) 


preparation 


method 1—0.25 | 0.25—0.05 | 0,05—0.01 | 0.01—0.005 0.005—0.003 | <0.001 


Ultrasonic 3.8 18.2 29.7 11.3 24.4 12.6 


method 


ome 34 | 18.6 | 30.0 | 11.3 | 23,8 | 128 


method 


Nefedov's 3.0 17.2 32.0 1L1 25,3 i1,4 


method 


Applying this to the working tools of the cultivator, the sound wave 
propagating in the soil produces successively alternating compression and 
expansion. In resonance, their frequency equals that of the sound waves; 
the maximum effect, i.e., the maximum reduction in the effective force P, 
is then observed. Assumptions are made in the literature /9/ that in the 
case of small-amplitude high-frequency oscillations of orders 10—22kc 
in a nonhomogeneous soil, the microstresses are redistributed along the 
volume, due to both the anisotropy of the tool and the observed mechanical 
fatigue processes, As a result, microcracks appear which contribute to 
the displacement of individual layers in the soil. In addition, at such high 
frequencies and small amplitudes the destruction of the material's structure 
weakens and the wear of the working tools decreases. However, such 
favorable phenomena do not exist at low frequencies. For the time being 
allthese problemsare largely solved empirically without a specific theory. 


§ 5. POROSITY, WEIGHT, MOISTURE CONTENT 
AND SPECIFIC SURFACE OF SOILS 


Denoting the fractions per unit Soil volume occupied by solid particles, 
pores and water by \y.. Vp and V,, respectively, we obtain the following 
expressions for the group of characteristics under consideration: 


: V , V sag 
Porosity t= TV, Degree of porosity e= 7, Specific weight of 
absolutely dry soil y,=V,d,,, where d, is the specific weight of the solid 


so 


particles. Specific weight of moist soil y,=V.d,4+V,d,, where d,is the 


specific weight of water. Gravimetric water content W — eee, The 


quantities y,, Vso, 4s. and d, can be measured directly. Then, for Y%, V, and 
V,, we find that 
Vp=1— 78: Vio== ete, 


w 


Vio= Gi 


Using these expressions, relations for n,e and W are given by 


é : 
0: pee We Ne, 
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The following are some more relations between the volume, weight and 
moisture characteristics: 


V 


€ 
i re Vio= feet tee 


The specific weight of humid soil is 


and that of dry soil is 


The factor of saturation of the pores is K,, the ratio of pore volume 
occupied by water to the total pore volume, where 


Ki = Vw — (Yw—Yso) 7 s0 


ee 


7 Vp > (Aso so) Zw 


We now obtain expressions for the porosity and weight of multiple-grade 
structural systems, in which the aggregates of each grade consist of 
smaller aggregates of the previous grade. The first grade includes primary 
particles, the second microaggregates and the third grade includes macro- 
aggregates. Let V, denote the fraction per unit volume of the system of 
primary pores (between primary particles), V, that of micropores (between 
microaggregates) and V; that of macropores (between macroaggregates ). 

The quantities 7), 7, and 7; represent the particle volumes of a given grade 
per unit volume of the system, which consists only of these particles. 

The following relations are then obtained. The volume of macropores 


V;=1—7,;, the volume of micropores V2.=(I—72)73, the volume of primary 
pores V,=(1—T7,)T.7,, the volume Sum of primary pores and micropores 
Vit Vo=(1—T7,7T2)T3, andthe volume sum of all pores V,+V2+V3=1—T7,To273. 


The porosity of a multiple-grade structural soil is given by the expression 


n=(1—T7,7,... T,) 100%. (11) 


In the absence of higher-order grades, the quantities 7 corresponding 
to them become unity. 
The specific weight of dry soil with a multiple-grade structure is 


Vso= (TT. .-- Ty) dso» (1.2) 


and the humidity of such a system is 


a fw 100 05. (1.3) 
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If in three-grade structural soils the primary pores are filled with 
water, then 
Ww, = (q- —1) # 10095 
1 ae dso -O-° 


When both the primary pores and the micropores are So flied, then 


Wi2= (pp — 1) 51008. 


d 6 


Suppose all pores are filled with water. In this case 


For a two-grade soil 


W ] aw W aw eg 
I (+ 1) q,,° 190%. 1,2 (FF: 1) 100% 5 
and for a single-grade soil 


W, =(z- — 1) 2. 100%. 


$O 


We see that the moisture content per unit weight for all soil types is the 
same when a particular pore system is filled with water. It is obvious that 
in this case the moisture contents per unit volume (the ratio of water volume 
to the total soil volume) will be different. 

Let us consider the differences in the porosity, specific weight and 
moisture content of three soil models. Suppose the first consists of primary 
particles, the second of microaggregates of primary particles, the third of 
primary particles forming microaggregates together with macroaggregates 
formed from microaggregates. We assume that the particles and aggregates 
have a nearly spherical form, and the packing of particles and aggregates 
is almost hexagonal. The value of dis 2.7 g¢/cm?%. 

In this case 7,=7,= = sys = 0.743, Under these circumstances the 
following holds: 

for a structureless soil (single-grade) n=25.7%, yr =2.0g/cm?; 

VW, =13.5%: 

for a microstructural soil (two-grade) n =44.8%; y,;=1.49g/cm3, 
WY, =13.5%, Wi.2 = 30%; 

for a macroaggregate soil (three-grade) =59.0%, yr=1.11g/cm?; 
W, =13.15%; Wi2=30.0%; Wi23=53.3%. 

The relations for the moisture content per unit volume, W,, will now 
be considered for these Same cases, When the primary pores are filled 
the following holds: 

for a single-grade system W,=13.5-2.0= 27 %: 

for a two-grade system W, =13.5-1,49=20.1 %: 

for a three-grade system W,=13,5-1.11 = 14.9%, 

When both the primary pores and micropores are filled, we derive that 
for a two-grade system W,= 30-1.49= 44.7%, and fora three-grade system 


Wy = 30-1.11 = 33.3%. If all pores are filled in a th - 
W, =53.3-1.11 =59.2 %. ree-grade system, 


These simple calculations show very 


Clearly the advanta 
soils consisting of macroaggregates,. y ge of structural 


Thus, for a 33.3% moisture content 


in a three-grade system, about 26% of the space is left free of solid 
particles and water. Sucha soil in general should not be mechanically 
cultivated, except for purposes of weed control. 

The most important characteristic of any disperse system, including 
soil, is its specific surface, i.e., the total particle surface per unit volume 
of the porous body. 

The specific surface of a system of like particles with a definite packing 
can be given by the expression 


= 4 em) 
where d is the characteristic dimension of the particles, and Bisa 
numerical factor depending on the shape of the particles and their packing. 
For almost spherical particles, 9~3—4, For laminated particles 0=3+n, 
where 1s the ratio of the lamella diameter to its thickness. 

For example, sand with a grain diameter of the order of 0.5mm has a 
specific surface given by 2~ 10%cm7}, 

For clays with a lamella size of lu and n=7, the specific surface 
Q+10°cem~}, i.e., a thousand times larger than for sand. 

For real clays the specific surface exceeds the above-calculated values 
of 2 by a factor of 10 and more, and is sometimes higher than 100 m* per 
cm® of soil. 

It is obvious that the larger the specific surface of soil, the more 
important the role of surface forces becomes; these depend both on the 
mineralogical composition of the particles and on the properties of the 
medium in which they are imbedded. 

To illustrate the influence of the specific surface on the properties of 
soils, we perform an approximate calculation to find the molecular 
interaction forces for systems consisting of spherical particles of two sizes. 

In the case of direct contact between the spherical particles (where the 
distance between them may be identified with the distance between 
molecules), the molecular attraction force between any two particles is 
given by the expression W=ndo, where d is the particle diameter and ois 
the surface tension on the boundary between the particles and the medium 
in which they are situated. 

If we divide this force by d’, i.e., refer it to unit area of the system 
under consideration, then the specific molecular attraction is given by 


e Ld ° wn O) ry e 
In==-= , Or, since Q—-, we may write 9,=—~. The specific molecular 
¢ 


cohesion is in this case proportional to the specific surface. 

Let us determine the magnitude of this cohesion for particles of 
diameters 0.05cm andlyu. If o=10*%dyne-cm =! and 6=3, we find that in 
the first case gn=6g-cm™* and in the second case 9, = 3000g-cm?. 

Surface forces depend not only on the specific surface, but also on the 
shape of the particles. When they have a lamellar shape, particles come 
into contact over a large area and all surface-force phenomena are more 
marked. 

All the main properties of clayey soils— plasticity, cohesion (the capacity 
to resist breaking), compressibility and swelling, static shear strength 
and resistance to creep (slow shear)—are determined either directly from 


the surface forces, or by the change in the properties of water near these 
particles under the effect of these forces. 

When selecting the technique for determining the specific surface, one 
should distinguish between external and total particles surfaces. When we 
speak about the external specific surface of powdery bodies, we mean the 
total external surface of the particles contained in either a unit volume or 
a unit weight of the body. To determine the total specific surface one must 
take into account the surface of those pores inside the powder-like particles, 
including dead-end pores. Since adsorption equilibrium is determined by 
the total specific surface, adsorption-static methods enable one to determine 
the total or static surface. 

Methods based on a number of such kinetic phenomena as the rate of 
percolation, adsorption kinetics in the diffusion region, etc., make it 
possible to determine the external, or kinetic specific surface. The 
electron-microscope method is also used for finding the external specific 
surface. 

Adsorption methods, even when highly accurate, are unsuitable for wide 
application due to their complexity and laboriousness. The electron- 
microscope method only gives a rather approximate value of the specific 
surface and requires the use of cumbersome and expensive equipment. 

Simpler and sufficiently accurate methods (which require inexpensive 
equipment) are those based on the study of the percolation in powdery and 
porous bodies. Some of these methods are based on Poiseuille's air-flow 
conditions /12—14/, whereas others are based on the molecular flow 
conditions of highly rarefied air /15—23/, 

Methods based on Poiseuille's conditions are applicable when finding the 
Specific surface of coarsely disperse systems, but are not valid for finely 
disperse ones, In the latter case the results are underestimated, the error 
increasing with the dispersion. This occurs because in air flow the 
averaged tangential component of molecule velocities at the wall is nonzero. 
These methods use an empirical relation between the leakage factor in 
Darcy's law and the specific surface which is not always substantiated in 
practice and is certainly inapplicable to anisodimensional particles (e. g., 
fibrous materials ), 

Methods of measuring specific surface, which are based on the percola- 
tion of a highly rarefied gas (molecular flow), do not have the drawbacks 
of the methods described above and have considerable advantages over 
those which are based on Poiseuille's laminar flow conditions. Experiments 
have shown that methods using molecular flow can be used for both finely 
disperse and coarsely disperse bodies. They make it possible to determine 
the external specific surface from the steady air flow in a powdery body, 
and also the specific surface (approaching the total one) from the unsteady 
flow /23/. The difference between these two values of the specific surface 
gives approximately the specific surface of dead-end and narrow tortuous 
pores. 

The method of determining the total specific surface using the unsteady 
flow of a rarefied gas has some advantages over that based on nitrogen 
adsorption. It gives values of the total specific surface which agree well 
with those obtained by the adsorption method. This method is also 
considerably simpler than the adsorption method and takes less time. 


In § 6 ways of determining the specific surface are described which are 
hased on the steady and unsteady flows of a rarefied gas. 


§ 6. DETERMINATION OF THE SPECIFIC SURFACE 
FROM THE PERCOLATION OF A RAREFIED GAS 


The method proposed by Deryagin is based on measuring the resistance 
of a porous body to the flow of rarefied air /15—21/. A molecular air flow 
is assumed, i.e., the flow is of such a rarefied air that molecular collisions 
inside the pores are extremely rare when compared with collisions with the 
pore walls. For such a situation to occur, the mean free path of air 
molecules, 4, Should be large compared with the maximum pore diameter. 
Deryagin derived the following expression in this case: 


pre) 2 ee (1.4) 
13 mn QoV MRT Ax’ 


where Q is the number of air molecules flowing through 1 cm? of porous 
partition wall of thickness Ax cm per unit sec with a pressure drop from 
one side of the partition wall to the other of Ap dyne/cm?’; is the specific 
surface (in cm’ per cm? of the porous body volume); n is the porosity, 
equal to the ratio of the pore to the total volume of the body; M is the mean 
molecular weight of air, * equal to 29.3 (expressed in moles); R is the 
universal gas constant (expressedinerg/mole- deg); T is the experimental 
temperature in absolute degrees (°K). 

To determine the specific surface, formula (1.4) can be expressed in 
the following form: 


see am 1.5 
a 13 ns QV MRT Ax (1.5) 


An instrument for measuring Q) on the basis of the above formula was 
developed at the Institute of Physical Chemistry of the Academy of Sciences 
of the USSR /16—22/. 

A method has recently been developed for finding the total specific 
surface of powdery and porous bodies (including the surface of dead-end 
and narrow tortuous pores). This method is based on the unsteady 
percolation of rarefied air through such bodies. 

The theory on which the method rests was first developed by Barrer 
/24/. Later, Kraus, Ross and Gerifalco /23/ used Deryagin's theory and 
Barrer's results to obtain a working formula for determining the specific 
surface of a porous body using the unsteady flow of a highly rarefied gas 
(Knudsen's flow conditions ). 

The working formula is 


_ 144 2h L 2RT 
=a ioe aM (1.6) 


where 2, is the specific surface in square centimeters per cm’ of powder - 
like particles, n is the porosity, x is the height of the sample layer (cm), 
M is the molecular weight of the flowing gas (moles), and L is the lag time 
(sec), determined graphically from the resulting time-dependence curve 


* It would be more correct to call it "molecular mass” of air. 
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of the pressure under the sample. A Special instrument has been built at 
the Institute of Physical Chemistry of the Academy of Sciences of the USSR 
with which to measure L. It has been found experimentally that the higher 
the resistance offered by the medium to the air flow through it, the larger 
the lag time. 

As already stated, the unsteady flow method enables one to determine a 
quantity which approaches the total specific surface of the body, since 
during the lag time, before the establishment of a steady flow, the gas 
flows through each part of the porous structure. After entering dead-end 
pores, the molecules emerge and continue on their way. This shows up in 
the variation of the pressure with time. Once a steady flow is established, 
dead-end pores, cavities and fissureshave only a small influence on the 
flow rate, hardly participating in the air-flow process. 

The methods described above are presently being used to evaluate the 
Specific surface of soils, concrete, sand, fertilizers, soot, pigments, 
metal powders and other disperse bodies, 

We have already mentioned that Deryagin's method applied to powders 
with nonporous particles gives values of the specific surface of porous 
bodies which agree with those obtained by other methods. This technique 
is distinguished by its simplicity, which is quite accurate, the rapidity of 
the measurements and calculations, and that it does not require any 
cleaning of the particle surface. It also has a good theoretical basis. 

For powders with porous particles (activated carbon, silica gel) it enables 
one to characterize the size of the powder grains, to find out the structure 
of the particles, and the extent to which the internal and dead-end pores 
have developed, by comparison with data obtained from the determination 
of the total specific surface. This latter characteristic is important in a 
number of practical cases. Owing to their simplicity, both methods have 
wide applications in various branches of the national economy. 


§ 7. STRUCTURE OF COLLOIDAL PARTICLES 


The large specific surface of colloidal and silty fractions, attaining tens 
or hundreds of square meters, determines the large effect of molecular 
and ionic-electrostatic surface forces on the physicomechanical and 
physicochemical properties of soils. 

A colloidal particle together with that part of the solution surrounding 
it and within the zone of influence of the surface forces, is called colloidal 
micelle. Figure 1.4 shows the structure of a colloidal micelle, as given in 
Gorbunov's work /25/, 

The nucleus in a mineral soil colloid consists mostly of aluminosilicates, 
silicon dioxide, ferric and aluminum oxides. In organic colloids the nucleus 
most often consists of humic and fulvic acids, protein, cellulose and other 
complex substances. In contrast to the stable nuclei of mineral colloids, 
those of organic colloids may decompose and then reform from the decay 
products of animals and plants. 

The ions which are situated on the surface of the particle in the adsorption 
layer and which determine the sign of the surface charge are called potential- 
determining ions. Compensating ions of the opposite sign (counter ions) 
may be situated both in the adsorption layer (which does not participate in 


the motion of the liquid phase in its flow around the surface of particles), 
and in the diffuse ion layer, which belongs to the liquid phase. In the diffuse 
ion layer there are also Some ions with the same Sign as that of the 
potential-determining ions. If the particles are situated in an electrically 
neutral solution, the electric potential at some distance from the particle 
surface is zero. This is the boundary of the diffuse layer, within which the 
micelle is also electrically neutral, 

The potential-determining ions in soil colloids have negative electric 
charges, and the compensating ions are positively charged. In soil science 
compensating ions are called exchange or adsorbed cations. The sum of 
these cations constitutes the adsorptive capacity of soils. 


intermice Hat solution 


FIGURE 1.4. Structure of a colloidal inicelle. 


The micelle nucleus together with the potential-determining ions is called 
a granule, and the granule together with the static layer of compensating 
ions is called a particle. The scheme shown in Figure 1.4 refers toa 
particle whose form is nearly spherical. In reality, colloidal particles 
often have quite different longitudinal and transverse dimensions and are 

of a lamellar or acicular shape. Investigations by a number of authors 

/26, 27, 34/ have established that colloidal particles display a general dipole 
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moment. This may be the result of both the particle surface nonhomogeneity 
with a consequent adsorption variation along the surface, and the electro- 
kinetic phenomenon arising from the flow of liquid past particles. According 
to Tolstoi's data /34/, the dipole moment of particles may be determined 
by the orientation of polar molecules at their surface. 

Hydrate shells of colloidal particles are not shown on the above scheme 
of a colloidal micelle. It has been established by different methods that 
the adsorption monolayer of molecules possesses special pruperties sharply 
differing from those of ordinary water. 

At the same time Deryagin and his collaborators established that in 
polar fluids near the boundary of solids there are polymolecular 
layers whose properties differ from the bulk of the liquid. The existence 
of these layers is indicated by the different plastic properties of disperse 
systems; in one case the disperse media are polar fluids, and in the 
second case nonpolar fluids, 


§ 8. SORPTIVE CAPACITY OF SOILS 


The composition of a solution of air changes as it flows through soil. 
This property of retaining substances passing through its pores during the 
flow is called its absorptive capacity. There are four main types of 
absorption: 1) mechanical absorption, or colmatage, due to the fact that 
colloidal or larger particles flowing with a solution cannot pass through 
some pores; 2) chemical absorption, determined by chemical reactions 
between the substances in the solution and air and substances in the soil 
particles; 3) biological absorption, caused by the capacity of micro- 
organisms and plant roots to absorb nutrients; 4) adsorption, caused by 
surface forces of molecular and ionic-electrostatic origin. 

Ions absorbed by soil due to the action of molecular adsorption forces 
and the surface charge of the associated particles, are situated both 
directly at the particle surfaces and'near them in a diffuse ion cloud. In 
Chapter II, which deals with the effect of molecular and ionic-electrostatic 
forces, problems inthe theory of adsorption 
and the layer of ion diffusion are considered. 
Here we give only factual data character- 
izing the adsorptive capacity of soils and 
consider its agricultural importance. 

Figure 1.5 shows curves of the potential 
energy U as a function of the distance. x for 
two types of dissolved molecules or ions. 
The conditions of thermodynamic 
equilibrium require constant partial 
thermodynamic potentials (chemical 
potentials ) for all the components of the 
solution. 

The chemical potential for each type of 
solute under equilibrium conditions is equal 
to its value in the bulk of the solution and 
is determined by the concentration and temperature. The form of the 
potential energy curve determines the variation in the concentration of a 


FIGURE 1.5. Potential energy curves. 
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given component as one approaches the surface of a particle. The steeper 
the potential energy curve falls off as one approaches the particle surface, 
the sharper the rise in concentration of the given type of molecules or ions. 
The depth AU of the potential well varies for different molecules or ions. 
The time + during which particles remain at the surface (in the adsorption 
layer) can be determined by 


AU 
Tee ee 


(t. being the frequency of natural oscillations of the molecules (ions), and 
kT having its usual meaning). Hence, particles whose potential well is at 
a low level will remain in the adsorption layer, and when molecules or ions 
with a high adsorption potential are added to a solution, they will displace 
molecules with a lower potential from the surface. In this case the surface 
charge, the molecular force field near it, the character ofthe potential 
curves for all the solution components, and the general redistribution of 
ions in the diffusion layer will all change. Cations can be arranged in 
order of decreasing depth of the potential well: 


Fe*t ais? ca2*, Mg?*, K*, Na. 


The content of the diffusion and adsorption layers also changes with 
variations in the temperature and concentration of substances in the bulk 
of the solution. 

When new substances are introduced into the solution, the redistribution 
of solutes in the adsorption and ion diffusion layers has an exchange 
character. Some substances pass from the bulk of the solution of the 
boundary layer, while others are transferred from the boundary layer into 
the bulk of the fluid. Consequently, the absorption complex is also called 
an exchange complex. 

The absorptive capacity of soils is extremely important in agriculture. 
The absorption complex accumulates nutrients required by plants. By 
using the exchange properties of this complex one can regulate its content 
in accordance with plant requirements and at the Same time influence the 
physical properties and state of soils. The most important investigations 
of the absorptive capacity of soils and its importance in agriculture has 
been carried out by the Russian scientist Gedroits. He developed a 
technique to determine the absorptive capacity of soils, studied cation 
exchange processes, determined the nature of alkaline soil formation and 
set up a theory of its melioration by applying gypsum. He based the liming 
of acid podzolic soils on a study of their absorption complex. 

Since in the great majority of cases soil particles are negatively charged, 
cations are mainly present in the compensating layer. An approximate idea 
of the absorptive capacity of soils can be obtained from,the number of 
absorbed cations. The absorptive capacity is then the total amount of 
absorbed cations, referred to 100g of soil. 

Table 1.5 gives the absorptive capacity of various soil types /25/, 
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TABLE 1.5. Absorptive capacity of organic and mineral particles of soils 


| Capacity, ing-equiv per 100¢ of soil 


Type of soil [forizon organic mineral _ 

particles particles | re) 

: Ay a 7.2 10.0 

Strongly podzolic | A, 0.9 ) oo 6 | 

Ay 11.9 14.6 ee 

Weakly podzolic A, 8.1 13.0 23.1 

A/B 0.5 Is. 19.0 
Ay i a) 7 

Common chernozem sminon chernozemm | ae | 97:9 | ye | 5) g 
A my 001 BB eg. 

Chestnut moma | A/B 60 | 113 | 17.3 

| 


[The subscript 1 denotes litter. ] 


The composition and amount of exchange cations strongly affect the 
physical properties of soils and their structure. Calcium and sodium play 
a great role in structure formation. 

It will be shown in Chapter II that the coagulation of ion-stabilized 
colloids is determined by the height of the force barrier obstructing the 
approach of particles in their thermal motion. Rapid coagulation starts 
from the moment the force barrier disappears. The height of the force 
barrier may change due to the contraction of diffuse ion clouds when the 
concentration of the solution increases, and also as a result of ion adsorp- 
tion, and a variation in the particle charges, the molecular field and the 
hydration degree of the surface. 

Peptization, the inverse process of coagulation, also depends on the 
height of the force barrier, namely, the extent to which the distance between 
particles increases, The barrier height also depends on the molecular and 
ionic-electrostatic forces and may change in exchange reactions. 

According to the data of Antipov- Karataev, the electrokinetic potential 
of soil particles decreases with a change from sodium-saturated to calcium- 
saturated soils. This means that the force barrier obstructing particle 
coagulation also decreases. 

The electrokinetic potential of soil particles for different values of — 


in the exchange complex is given in Table 1.6. 


TABLE 1.6. Electrokinetic potential of soil particles (mv) 


——$—— ny 


Ratio of exchangeable Ca to exchangeable Na 


Type of soil 


0/100 | 9y95 | 19/9n | 20/80 30/70 


30/50 | 100/0 


Chernozem. . . 26 - 10 6 4.5 3 0.5 
Blanket loam. . 9 8 7 7 6 l 0.5 
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Calcium coagulates well and helps to create water-resistant micro- 
aggregates. Sodium has the opposite effect and the particle-surface degree 
of hydration rises when it is present in the exchange complex. Sodium- 
saturated soils yield a stable colloidal system when immersed in water. 

A considerable amount of exchangeable sodium is contained in solonetz and 
alkalized chernozems, which therefore do not have a water-stable structure. 
Depending on the amount of adsorbed sodium, soils are divided into groups 
according to their alkalinity (Table 1.7). 


TABLE 1.7. Degree of alkalization of soils (according to Antipov-Karataev) 


Sodium content, in % of 
the absorptive capacity 


Sodium content, in % of 
the absorptive capacity 


Degree of alkalization Degree of alkalization 


Nonalkalized ..... dian 
Weakly alkalized ..... 


Alkalized ......... 10— 20 
SOIONETZ. <M ae wa es > 20 


The variation in Soil properties with the kind of absorbed cations is 
clearly shown in Table 1.8. 


TABLE 1.8. Dependence of soil properties on the composition of absorbed cations 


Soil piosenty Influence of the composition of 
absorbed cations on soil properties 

Electrokinetic potential 

Degree of dispersion 

Plasticity 

Stickiness 

Tenacity 

Swelling ability 

Shrinkage 

Maximum hygroscopicity 

Heat of wetting 

Moisture conductance Na<K< Mg <cCa<Al 

Structure strength 


Na>K > Mg >Ca> Al 


A change in the physical properties of soils sharply affects their water, 
air and heat regimes, and hence also plant development and growth. 

The exchange character of a considerable part of the whole absorption 
complex opens the way for the physicochemical melioration of soils, e.g., 
the application of gypsum improves alkaline soils. In this case, in 
accordance with the above relation between the adsorption potentials for 
various cations, the following exchange reaction takes place: 


[] Na, + CaSo, = [] Ca + NaSO,. 


The presence of hydrogen ions H* and hydroxyl groups OH” in the 
exchange complex has great agricultural importance. When hydrogen ions 
prevail in the solution, its reaction becomes acid; in the opposite case its 
reaction is alkaline. The concentration of hydrogen ions is usually 
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expressed in gram-equivalents, or as the logarithm of this concentration 
taken with the opposite sign, denoted by pH. Table 1.9 classifies soils 
according to their acidity and alkalinity. 


TABLE 1.9. Classification of soils according to acidity 
and alkalinity 


Concentration of ions 


Type of soil pH g-equiv/1 of solution 

H | OH’ 
Strongly acid ....{ 3-4] 10°°—10°‘ | 10 ''~Jo07'° 
Gi: thea ates 2s 4251, 1010 blo: Cot0-* 
Weakly acid ..... 5—6 | 10° *—10°° 10 °—10-* 

Neutral 8 ..... 7 1077 1077 
Alkaline ...... 7-8 | 10°'=j0-* io ’—10°° 
Strongly alkaline . . .| 8-9{ 10°°~107° 107 *“—10* 


Acid reactions occur in podzolic, gray forest and peat-bog soils, as 
well as in krasnozems and zheltozems. Alkaline reactions are encountered 
in soils of arid steppes, semideserts and deserts (chestnut, alkaline 
sierozem and brownish-gray soils). Neutral and weakly alkaline reactions 
are characteristic of chernozems. 

Most plants flourish in a neutral medium, but some prefer a slightly acid 
environment; others also flourish in alkaline soils (Table 1.10). 


TABLE 1.10. Optimum and permissible pH values for plant development (after Pryanishnikov) 


Plant Optimum | Permissible fo Plant | Optimum | Permissible 


Lupine 4—6 CIOVEI* é. sco Sel ae he 2 6— 6.95 o—8 
Potato 4—8 POA: 2o-acth. eet Seated 6-7 5—8 
Oats 4—8 Wheat. i, araae gens Gece Berets Seam | 5—8 
RVG: Be ece Be due wee a oso it 4—7 BOGE core axe es ad we fi 6—8 
Flax 4—7 EWCGRNG 2 2.46.42 &. eee 7-8 6—8 
Tea leaf 4—T Cotton plant ........ = 6—8.5 


Thus, the absorptive power of soils is not only of agrochemical 
importance, determining the content and state of substances accumulated 
in the soil, but also plays a greatroleincreating the agrophysical conditions 
owing to the great influence of the exchange complex on the most important 
physical soil properties. Therefore, a further study of all aspects of 
exchange processes is essential. 

The increased use of commercial fertilizers enables the agrochemical 
and agrophysical conditions in soils to be regulated; this must be comple- 
mented by a sound theory for the physicochemical melioration of soils. 


§ 9. SOIL MOISTURE 


Moisture content has a decisive influence on all soil properties and 
processes. The role of water in plant life is very important. Water 
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participates in photosynthesis, when affected by light organic substances 
formed from carbon and water, Water is a tissue constituent, its content 
in plants reaching 90% and more. The presence of water in soil determines 
the development of important processes such as transfiration, which 
protects plants from overheating. Finally, water is a solvent of nutrients 
which enter plants. A considerable part of the soil exchange complex is 
concentrated in the water layers near the surface. 

Water is also the most important factor for intersoil processes. Loss 
and accumulation of chemical substances are determined by the flow paths 
of soil moisture. A downward flow leaches the soil, and an upward flow 
to the evapcration fronts causes the accumulation of dissolved substances 
which have not been assimilated by plant tissues. 

The water content in soil determines its biochemical and microbiological 
processes, and usually has a decisive influence on its mechanical properties. 
As a result, much attention is paid in soil science to the properties of 
soil moisture, its movement regularities, its influence on the mechanical 

properties of soils and deformation processes. 

The movement of soil moisture and its availability for plants are 
determined by three factors: the geometry of the pore space filled with 
water, the rheological properties of the moisture (viscosity, maximum 
shear stress, plastic resistance to shear) and the gradient of the various 
quantities (pressure, gravitational potential, electric potential, concentra- 
tion of solutes, temperature) disturbing the equilibrium. 

The variation in moisture mobility or its limited availability for plants 
can only be understood by studying simultaneously all the enumerated 
factors which affect its motion in a porous medium. No one factor can 
determine alone the available soil moisture. For example, under some 
conditions, soil moisture may be unavailable for a certain type of plant 
at a definite development stage of its root system and a given soil configura- 
tion, whereas under other conditions the moisture will be available. 

Numerous experiments andanumber of theoretical works have established 
that the interface and shape of a water-filled pore space has an important 
effect on the fluid behavior in porous bodies, e.g., surface forces unbalanced 
in some direction (which directly cause fluid motion) and the creation of 
anomalous fluid structures in boundary layers. This boundary effect may 
Sometimes extend to considerable distances and modify the fluid properties 
throughout the whole pore volume. 

The properties of pore moisture may depend on the history of its 
formation. We shall show later that moisture forming by condensation in 
previously free capillaries has different, anomalous properties in 
comparison with moisture which penetrates the capillaries by infiltration. 

The amount of moisture contained in a porous medium is directly 
related to the relative vapor tension in pores free from condensed moisture, 
but the adsorption and capillary condensation branch does not coincide with 
the capillary evaporation and desorption branch. It will be shown that the 
observed hysteresis may be due to both the geometry of the pore space, 
and the thermodynamical properties of polymolecular films. 
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§ 10. BOUNDARY PHASES AT THE INTERFACE 
OF A FLUID AND A SOLID 


The current theory of a liquid state cannot determine quantitatively the 
change in the physical properties of a liquid near a boundary surface, but 
the existence and character of such changes, as well as the numerical value 
of individual physical quantities, have been established experimentally. 
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FIGURE 1.6. Adsorption isotherms on glass: 


a—for water; b—for carbon tetrachloride (A is the 
thickness of the adsorption layer in A; PID, is the 
relative vapor pressure). 


For example, about 100cal per 1g of waterare liberated inthe adsorption 
of a monomolecular layer on the surface of clay particles, i.e., about as 
much as in its freezing. Such a large heat liberation, connected with 
changes in the surface energy of the system and in the water entropy as 
it passes to a state of low mobility, is not observed in the adsorption of 
subsequent layers. 

Thus, the adsorption monolayer is very strongly connected to a soil 
particle. Some of the subsequent layers of water molecules, known as the 
hydration envelope, display special properties 
in polymolecular fluid adsorption on smooth 
surfaces. 

It has been established /35/ that in 
contrast to fluids with nonpolar molecules, 
FIGURE 1.7. Lens formation at the for which ads orption takes the form ofa 
uichrear Ok auselideoverea with monotonous uniform thickening of poly- 

a solvate layer. molecular layers, the adsorption layers of 
polar fluids (water, alcohols) only thickens 
monotonically and uniformly up to a thickness of the order of 20—60 A. This 
process terminates when the vapors are slightly supersaturated. Further 
condensation proceeds by the formation on the previous layer of individual 
fluid lenses at a finite contact angle. As the lenses grow they fuse, and 
condensation again proceeds on a more or less uniformly thick layer. 

Figure 1.6 shows the isotherms for the adsorption of water and nonpolar 

carbon tetrachloride on glass, and Figure 1.7 shows a microphotograph of 
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the lens formation at the second stage of polymolecular adsorption of polar 
fluids, as given in /35/. 

Later, we shall discuss the stability of thin layers, and the relation 
between layer thickness and vapor pressure in the phase bordering on them. 
The adsorption isotherm for the whole 
adsorption interval, including the solvate 
layer, lens-formation zone and the stable 
polymolecular layer, should have the form 
shown in Figure 1.8. 

A step-wise change in the thickness of 
polymolecular fluid layers was also 
established by Frumkin and Gorodetskaya 
/28/. 

The appearance of lenses at a finite 
contact angle on a layer with a definite size 
indicates that the fluid within this layer 
has different properties from the remaining 
fluid, which is characterized, in particular, 
by a negative value of the spreading 
coefficient 


Ps 
FIGURE 1.8. Adsorption isotherm: 
Section I—solvate layer; section II— 


lens-formation zone; section IIJ—poly- — _ 
Z poly Aco= O50) (Gasgaae On), 
molecular layer. 


where oa, 1S the surface tension of the 
solvate layer at the boundary with the gas, o,, is the surface tension of the 
fluid bulk at the boundary with the gas and o4.,.:is the interphase tension at 
the boundary of the fluid bulk and the solvate layer formed from its molecules. 

A difference between the mechanical properties of boundary layers of the 
same thickness (e.g., those considered above) and the bulk fluid properties 
was observed for low-volatility fluids by the ''blow through'' method /81/. 
The bulk viscosity for fluids with nonpolar molecules remains practically 
constant throughout the whole layer thickness. For fluids with polar 
molecules, the fluid mobility changes sharply near the surface of a body. 
This may be due, on one hand, to a variation in the viscosity, and on the 
other, to a much higher shearing strength than that found in the fluid bulk. 

Deryagin introduced a new concept of solvate layers as a special fluid 
phase which has lost fluidity but possesses physicochemical properties 
different from those of the bulk fluid with whichit hasa sharp boundary /51/. 

Apart from the features considered above, numerous investigations /82/ 
show that boundary layers alsodiffer from bulk fluid by the solvent action, 
freezing temperature, etc. These features, however, may not be connected 
with the concepts of solvate layers as a special boundary phase consisting 
of oriented polar molecules. They may sometimes be due only to the diffuse 
character of the molecule or ion distribution of the solutes near boundary 
surfaces under the influence of either the electrostatic field near charged 
surfaces, or the molecular force field and the selective adsorption of solutes 
related to it. 

The boundaries of solvate fluid layers do not coincide with those of layers 
possessing anomalous heat content, solvent action, etc. This is indicated 
by thermoosmotic /83/, capillary-osmotic /44/ and electroosmotic 
effects, which only occur when these boundaries do not coincide. 
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This shows the error in the usual identification of the ''insoluble volume" 
with the volume of fluid which has lost mobility to some extent /36/, or, 
in other words, the identification of the concept ‘insoluble volume" with 
that of ''bound water, '' though no doubt solvate layers, to which the latter 
term could properly be applied, should also possess one of the above 
anomalies. 

The study of thin layers using polymolecular adsorption on smooth 
surfaces and the blow through method is very important. However, when 
examining the behavior of volatile fluids, especially water, one can only 
apply the blow through method to low-volatile fluids. The use of poly- 
molecular adsorption on smooth surfaces does not yield direct information 
on the variation in viscosity over the layer thickness. 


§ 11. VISCOSITY AND SPECIAL FEATURES OF A 
FLUID FORMED BY CAPILLARY CONDENSATION 


Fedyakin /29/ showed that a water column in a sealed capillary of radius 
i1—5yu gradually contracts due to the formation and subsequent elongation of 
another water column (or columns) in its neighborhood. Such water migra- 
tion indicates different chemical potentials and, consequently, different 
properties of the initial and secondary columns. This was confirmed by 
the observed difference in the thermal expansions of the two columns: the 
secondary water column had a constant coefficient of volume expansion over 
the temperature range 20—50°C., 

A water column with 'special'’ features can also be obtained in open glass 
capillaries, by placing them in a chamber with a relative atmospheric 
humidity exceeding 93%. The elongation rate of the forming columns 
increases monotonically with increasing relative humidity above this 
threshold value. Since the correction to the saturated vapor pressure for 
the meniscus curvature is here much less than 7%, it is natural to assume 
that the properties of anomalous fluid columns, especially their structure, 
differ considerably from the properties of bulk liquid water. One of the 
structurally sensitive properties is viscosity. Deryagin and Fedyakin /30/ 
give values of viscosity for anomalous columns of water, as well as other 
liquids (methyl alcohol, acetone, acetic acid), for which a similar effect 
was observed in sealed glass capillaries in the neighborhood of ''normal'"' 
columns. 

To measure the viscosity of the column in a capillary, a pressure 
difference was created as a result of which the column moved along the 
capillary. The following approximate formula was used for the flow ofa 
viscoplastic fluid through a capillary: 


where v is the velocity of the column, ,- is the capillary radius, A/ is the 
column length, Ap is the pressure drop, yn is the viscosity and t is the 
maximum Shear stress. 

Figure 1.9 shows the dependence of the velocity in the forward and 
reverse directions of the secondary water column as a function of the 
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pressure drop. The straight line 1 is obtained for the former motion, with 
no interruptions after measurements and the pressure being increased at 
definite time intervals. Curve 2 is obtained for the reverse motion; here 
the motion was stopped after each measurement, and thus the column 
restarted its motion with increasingly higher velocities. The decrease in 
viscosity is sharper in the latter situation. For velocities of the order of 
1mm/sec, the viscosity very rapidly attains its normal value. If, in the 
former motion, several measurements are made, after which the motion 
of the column is stopped and restarted at the minimum velocity, amaximum 
shear stress of the order of 2dyne/cm? appears, though the viscosity 
decreases. 

Viscosity measurements of liquid in a capillary over a period of several 
days or even months, have shown that their viscosity (within an experimental 
error of +5 %) does not differ from the tabulated values. Therefore, the 
increased viscosity of the secondary liquid 
column cannot be due to its prolonged stay in 
the capillary. It is remarkable that the initial, 
higher viscosity in the secondary column is 
recovered as a result of movement, but its 
bulk value has not yet been attained. After 
24hr the viscosity equals that in the secondary 
column. 

No viscosity variations were observed in 
columns of methyl alcohol, but a maximum 
shear stress was observed and decreased 
considerably when the column moved a 
distance of the order of a millimeter. 

These facts indicate that two water columns 
FIGURE 1.9. Velocity of water column contained in glass capillaries at the same 
Bara UNC HONNOs Shed e sete 20D temperature may differ greatly in such 

properties as viscosity, thermal expansion 
and saturated vapor pressure. In the author's opinion, this proves the 
existence of a structure difference. 

Fedyakin and Deryagin believe that the difference is due to an adsorption 
film covering the internal walls of one of thecapillaries. For a sufficiently 
large equilibrium thickness of the adsorption layer in the case of either 
contact with the meniscus of a 'normal'’ column or near-saturation vapor, 
an instability appears onthe cylindrical liquid surface and is not compensated 
by the stabilizing effect of the disjoining pressure #(h), which depends on 
df joh (cf. capillarity theory). The loss of stability of the liquid film causes 
the latter to assume the form of an unduloid, so leading to the formation 
of secondary columns. Fedyakin and Deryagin assume that the special 
structure of boundary layers (and consequently, of anomalous columns too) 
is due to hydroxyl groups on the glass surface, providing the beginning of 
liquid molecule chains joined by hydrogen bonds. In this case the number 
of hydrogen bonds per unit volume of anomalous column should be larger 
than in ordinary water, as a result of which the vapor pressure in the 
former case is lower and the viscosity and packing density of the molecules 
higher. Excess hydrogen bonds probably disintegrate when the liquid flows, 
and the column assumes the structure and properties of bulk water. The 
increase in vapor presSure, and consequently also in chemical potential and 
free energy, is due to the work done by the external forces in moving the 
column (not the work dissipated into heat). 
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If the disintegration of excess bonds is sufficiently advanced, the former 
state cannot be restored, since this is hindered by some potential barrier. 
Such a situation corresponds to a decrease in chemical potential, When 
the disintegration is not advanced the initial anomalous structure is 
completely recovered, because of the correspondingly low potential barrier. 
Thus, different situations can exist in capillaries or pores of porous 
substances with corresponding boundary layers, as demonstrated theore- 
tically in /31/. The possible existence of liquids with different structures 
is important for understanding water behavior in soils and other porous 
materials, and apparently explains why Kelvin's equation cannot be applied 
to capillary condensation /32, 33/. 


§ 12. INVESTIGATION OF THE RHEOLOGICAL 
PROPERTIES OF A FLUID BY PERCOLATION 
METHODS 


Fluid flow is determined by the geometry of the space occupied by the 
fluid, its mechanical properties (viscosity, plastic resistance to shear) and 
the external forces acting on it. The percolation process will only help to 
determine such mechanical fluid properties as viscosity and plastic 
resistance to shear if the other two factors determining fluid motion are 
understood. In asystem as complex as soils one cannot determine 
accurately the space occupied by water or all the forces acting on it. 
Percolation only aids in determining the order of magnitude of the fluid 
viscosity and its plastic resistance to shear. 

Examples of such determinations by percolation methods are provided 
by the following three series of experiments. In the first series the 
viscosity and plastic resistance to shear of an aqueous solution of 
electrolytes in layers separating benzene droplets were investigated. In 
the second series anomalies in the forced percolation of water through 
clayey soils were investigated, and in the third series an electroosmotic 
percolation method was used to investigate the properties of both bulk fluid 
and the boundary layers near interfaces. 

The good visibility of the benzene-water emulsion in a microscope and 
the formation of water layers by the parallel* interfaces of neighboring 
droplets enable the percolation to be calculated and hence to estimate the 
viscosity and maximum shear stresses in the fluid. 

If the temperature is lowered to +5.5°C, benzene droplets solidify, 
whereas water layers remain liguid. 

The layer thickness is determined by dividing the water volume per 
unit volume of the system by half its specific surface. The latter was 
found from the microphotograph of the emulsion using the formula /15/ 


4 
Qs, 


where A is the mean length of the segment of an arbitrary straight line cut 
by the droplet, 

Calculations for maximum-concentration emulsions, prepared on a 10% 
aqueous Solution of Saponin, gave an average water-layer thickness of 


* The parallelism of the interfaces of free films was established experimentally /37/ and follows from the 
thecry of thin layers in equilibrium /38/. 


» 
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order 10°-°cm. This small value results in comparatively low viscous 
stresses in the fluid during percolation under easily measurable pressure 
drops. This enables very small plastic shear stresses to be observed in 
fluids which do not obey Newton's law rigorously but follow Bingham's law. 
The true fluid viscosity in a thin layer can also be determined for compara- 
tively high pressure drops. 

The maximum-concentration emulsions were introduced into the 
measuring cylinder by a spiral /39/ (97.3—97.6 % benzene and 2.4—2.7 % 
aqueous solutionofa stabilizer). Attempts to raise the benzene concentration 
always led to the deposition of its excess amount on the surface of the 
system. The emulsion was placed in a special holder with a chamber of 
diameter 5.5cm and thickness 0.6cm, to one side of which water under 
pressure was supplied, a thin horizontal measuring tube being attached to 
the other side. 

To determine the true viscosity, the percolation was carried out under 
pressures of theorder of 100cm. Maximum shear stresses were determined 
by reducing the pressure to a value corresponding to the threshold flow 
gradient, under which fluid motion practically stops. The shear strength 
of the fluid in layers was also determined by departures from Darcy's law 
at reduced pressure. 

The order of magnitude of the viscosity and shear stresses at boundary 
surfaces was determined from the following approximate expressions, 
based on well-known equaticns of fluid motion between parallel walls: 


_ egy __ pgn 
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Here, g is the gravity acceleration; p is the density; qs is the specific 
fluid discharge per unit cross section of the sample; R is a coefficient 
representing the tortuosity of the paths; / is the pressure gradient; /, is 
the threshold pressure gradient; n is the porosity; x is the specific 
perimeter of the layers in the percolation cross section, determined from 
2x=2. For flow past emulsion droplets one may take R=2. 

To determine t from the departure of the percolation from Darcy's law, 
the solutions for viscoplastic flow /40/ yield the following equation 
relating the threshold flow gradient /) and the ratio of the actual discharge 
g under the gradient / to the discharge g, which should have percolated 
under this pressure, but subject to Darcy's law: 


The conclusions drawn from the experiments are that the fluid within 
thin layers separating individual droplets has the normal viscosity 
characteristic of bulk fluid; at the same time traces of plasticity in the 
form of a maximum shear stress w of order 5-10~'? dyne-cm~* and which 
are overcome in the fluid motion, are observed in it. These conclusions 
refer to layers separating fluid droplets, as well as those separating 
solidified benzene particles. 

We give an example of the determination of yn and w for a 97.5 % 
concentration emulsion. By the above method, the following values of the 
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specific surface and wetted perimeter are obtained: ® =5200 em~! and 

y =2600cm~'. Dividing the specific volume of the water by half the specific 
surface, we obtain 0.96-10 °cm for the average layer thickness. At 
pressure 100cm and sample thickness 0.5cm, a specific discharge qs = 
=2.55-10-° cm/sec flowed through the filter. Substituting the above values 
in the formula for n, the viscosity is 0.734: 10-2 (cgs units), the same 
order as the usual water viscosity at room temperature. * 

To determine wt in the case under consideration, the percolation 
experimental results for the same sample under pressure of 1mm and 
1.5cm were compared; from the ratio g/¢,the threshold flow gradient was 
I, = 0.6, and from formula (1.7) tm was of order 3-107>3 dyne-cm~?. These 
results enable mathematical expressions to be established for the conduction 
properties of disperse systems with narrow pores, in particular, clay soils. 

The microrheological problem for the actual pore contours in soils 
encounters almost insurmountable difficulties, far greater than for the 
percolation of Newtonian fluids. A simplification is to regard the pores 
as tortuous tubes of constant cross section and arbitrary radius, for which 
the plastic fluid properties can be calculated /41/. 

The hydrodynamic equation of motion of-a viscoplastic fluid in a 
capillary has the form 


—N5- = 5 perl —%, (1.8) 


where V is the flow velocity along the capillary, r is the radius, to is the 
maximum shear stress, / is the pressure-head gradient, yn is the viscosity, 
p is the density and g is the gravity acceleration. 

Equation (1.8) implies that the velocity derivative along the normal does 


not vanish on the flow axis up to the point at which 5 pgrl = %. Consequently, 
the fluid in a core of radius 


2T 
= or (1.9) 


moves as a Single entity with no relative displacement of the layers. 
If the equality 5 egrl =t is satisfied only on the boundary ,, of the fluid 


with the solid body, i.e., for r;»=r,, this will represent limiting equilibrium, 


* The departure can be explained as due to the fact that we ignored Gibbs’ thickening at interfaces. As in 
the emulsification process the system's degree of dispersion increases, with layers forming between newly 
created boundaries mainly at the expense of fluid volumes. In maximum concentration emulsions, these 
clearly visible thickenings disappear from view; consequently, their size cannot be larger than 0.2—0.3p. 
This value enables the flow along these paths to be easily calculated. 

The formula for the flow through triangular capillaries yields 


_ V3atogl 
~ —R320H’ 


where a is the side of the triangle; R represents the tortuosity of the paths, whichis here R= > Assuming 


the viscosity to be normal, and finding the number of thickenings per cm? (4,25: 10%) from a microphotograph, 
the flow along these paths is 2.3-10°'cm-sec™*, i.e., about 10% of the total flow. 
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for which viscoplastic flow still does not begin. However, since the 
chemical potentials along the capillary are unequal, this is not a thermo- 
dynamic, but only a mechanical equilibrium and should therefore have a 
relaxation character. As aresult, Some moisture flow with creeping 
characteristics should arise, which, however, differs in order froma 
viscoplastic flow. 

Denoting by /) the threshold pressure gradient under which mechanical 
equilibrium exists, (1.9) yields the following expression for it: 


i= 2tq (1.10) 
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showing a dependence of the threshold gradient on the ratio t/r,. If this 
ratio is large, then the threshold gradient is also large for small tm. For 
example, when r, is of order 10-°—10-*cm and w=5-10-3 dyne-cm~-?, the 
threshold gradient equals 1—10. 

The well-known expression for the flux of a viscoplastic fluid is 
derived from (1.8): 


nan fogl t 
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Hence, formulas can be found for the mean flow velocity v and the 
hydraulic conductivity, the latter value (following Darcy's law) being deter - 
mined from the relation K=vo//: 
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For a filter consisting of the given system of capillaries with degree of 
porosity e, the expression corresponding to (1.12) is 
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If we use expression (1.10)and introduce the quantity K®, whichrepresents 
the hydraulic conductivity of the same filter, but for a strictly Newtonian 
fluid (i.e., t =0), formulas (1.12) and (1.13) take the form 


Kees (YS om 
The corresponding expression for the percolation velocity is 
o=Ku[5(2) —3(f)+ 1]. (1.15) 


Hence, for increasing pressure gradient the hydraulic conductivity ap- 
proachesaconstant value K° (Figure 1.10). Thecurve o(/) approaches 
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asymptotically not the straight line corresponding to Darcy's law (as is usually 
assumed), buta parallel line a distance Ay = 5 wt from the first, or, on the 


basis of expression (1.15), a distance Av= Ky. 


FIGURE 1.10. Velocity uv and relative hydraulic FIGURE 1.11, Hydraulic conductivity 
conductivity K/K° as a function of the pressure gradient K vs. pressure gradient / for light 

I for Jy=3 and K°=5-107; loams of various porosities: 

1— according to formulas (1.15) and (1.14); 2-accord- 1— e= 0.468; 2—e= 0.523; e = 0.561; 
ing to the formulas v= K°(/— 4/,/3), K=K9(1 — 4/)/3!). 4—e=0.616. 


The possibility of applying formulas (1.13) and (1.14) to real clay soils 
was checked /84/. Figure 1.11 gives curves, according to equation (1.14), 
corresponding to water percolation through loams of various porosities. 
The dependence K(/) can also be obtained in terms of the specific soil 
surface 2 and its porosity n. 

We assume that in the limiting state (Chapter III, formula (3.38)) 


2 w (1.16) 


If the ratio of the mean volume of Soil particles to their mean surface 
is 4 and the porosity n is expressed in terms of the degree of porosity e, 
we have 


Ae (1,17) 


Substituting (1.16) in (1.14), we obtain 


Lf Qt), \4 4 Qt 
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With the aid of expression (1.17), (1.18) may be rewritten as 


K=K°|= (7) -3(S) +1]. where A=Th (1.19) 
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Since 7 is independent of the porosity, the value of A may change witha 
variation in the degree of porosity of the soil, only if the maximum shear 
Stresses are not equal near the solid surface and far fromit. Figure 1.12 
gives values of this quantity for different soil porosities, calculated from 
the experimental data in Figure 1.11. It follows from Figure 1.12 that A.is 
practically independent of the system's porosity. 

It is interesting to note that the curves K(/) based on equation (1.18) 
correspond to the experimental results if t is of order 3.10°° dyne-cm~”, 
i.e., the value obtained with a filter of benzene-water emulsions. 

The data of both series of experiments rests on the assumption that the 
whole volume contains a fluid participating in the motion and that the traces 
of Bingham shear strength, characterized 
by maximum shear stresses wm of order 
3-10-23 dyne/cm’, are preserved during 
percolation. Experimental results 


A 
QS 


Gd LT 1) | Sebeerning tie water -eontining sroperite 
044 O52 060 P of clay soils agree wi e pressure- 
head percolation theory based on the 
FIGURE 1.12. A (calculated from (1.19) using hydrodynamic equations of motion of a 


experimental data in Figure 1.11) for various 


; ~ viscoplastic fluid obeying Bingham's 
soil porosities. 


friction law. The same assumptions 
were subsequently used to study 
percolation through a dam consisting of a clayey material /42/ and of fluid 
motion anomalies in soils /43/. 

The studies draw a similarity between water percolation through narrow- 
porous systems and viscoplastic fluid motions, and formerly made it 
possible to calculate the plastic viscosity and the maximum shear strength; 
however, the reasons for this similarity are not entirely explained. It can 
be shown that exceptions of this kind should arise due to quite different 
kinetic phenomena. 

Deryagin et al. /44/ established that concentration gradients of solutes 
in capillary systems give rise to boundary slipping effects due to the 
diffusive structure of the boundary layer. Hence, a condition of quasi- 
equilibrium was obtained /45/ in the form P+pgZ=const+F(l) or, dividing 


by pg, 


H = const += F (0), 


where H is the pressure head, P is the fluid pressure, p is the fluid density, 
Z is the height of the point above a reference plane, F(l) is some function 
for the capillary-osmotic properties of the system. For a finite pressure 
drop, corresponding to a quasiequilibrium state, we obtain the relation 


AH = ——1F (FQ). (1.20) 
where F,(l) and F,(/) are respectively the value of F(/) at the entrance and 
exit of the filter. This equation corresponds to stationary values of the 
pressure, concentration and electric field. Unless this condition is 
maintained artificially, a gradual equalization of the chemical potentials 
for all the components at every point of the fluid occurs, with the establish- 
ment of true thermodynamic equilibrium. If the equalization of the solute 
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concentrations advances at a slower rate than the equalization of the levels 
in Poiseuille flow, relatively stable finite pressure gradients appear for 
percolation through narrow-pore filters. 

The following technique of investigating percolation through narrow-pore 
systems was developed /86/, whereby to observe and estimate the magnitude 
of capillary-osmotic flow. 

The percolation process is studied (as in earlier investigations /46/) 
from variations in piezometers connected to both sides of the filter. 

Percolation anomalies are observed by periodically reversing the flow 
direction during the experiment; a difference in levels is chosen to create 
the same pressure head as in forward percolation, but with the opposite 
sign. If the forward q,, and reverse 4,,, flows are expressed approximately 


by 
Yoon KUL > hug! (P21) 
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then the difference between the measured values of 4,,, and q,,, give loom from 
the formula 


Grev ~~ F for 
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In formulas (1.21) and (1.22) / is the effective pressure gradient; /o om is 
the threshold gradient, determined by kinetic effects and related to (1.20) by 


i <Z_- (1,24) 
(AH is the head difference and 6 is the sample thickness); /o:, is the threshold 
gradient determined by the properties of the viscoplastic fluid; K is the 
hydraulic conductivity. 

In the particular case of a fluid with no maximum shear strength, the 
capillary-osmotic flow can be measured by the rate at which the piezometer 
levels vary after their periodic equalization during percolation. 

The above investigations confirmed that the observed anomalies in fluid 
percolation through soils have a twofold nature, namely, they reflect either 
such rheological fluid properties as plastic viscosity and shear strength (in 
which case the observed threshold flow gradients express a mechanical 
equilibrium) or the existence of two oppasite flows: the usual Poiseuillian, 
due to a pressure gradient, and a capillary-osmotic flow, due to the 
presence of, e.g., concentration gradients of the solutes. In the latter case 
the threshold flow gradients express quasiequilibrium, due to mutual 
balancing of the above two flows. 

The above investigations were conducted in a percolation— compression 
instrument made of Plexiglas. A sample of Rostov chernozem served as a 
narrow-pore filter. 

The percolation was observed from the variation in the level differences 
of piezometers of diameter 4mm, 

A high constant head could be maintained by passing the piezometer 
through the space above the filter using a Mariotte's bottle filled with 
distilled water. During percolation the pressure gradient decreased due 


to the water rise in the piezometer. This rise always stopped when the 
AH, | 
) 


pressure gradient attained the value /,= 
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An almost instantaneous head equalization, and a reversal of the 
percolation direction to separate the capillary-osmotic flow, were achieved 
by lowering the Mariotte's bottle. Figure 1.13describes AH(t), which gives 
information on the presence and 

OH intensity of a capillary-osmotic flow; 
a different dependence is obtained for 
the percolation of distilled water 
through a ceramic filter of thickness 
lcm, indicating that the steady 
equilibrium is mechanical and due to 
the manifestation of shear strength 

0 / in the solution. 

The pores were assumed to be of 
equal size when investigating the 
rheological properties of water by 
pressure percolation. Of interest is 
the solution for a heteroporous body (since in real disperse systems there 
is a definite pore-size distribution) and a study of how the latter influences 
the percolation of structural fluids. This solution was found by Churaev /47/. 

The total fluid discharge through a heteroporous body consisting of 
nonintersecting cylindrical pores of different sizes* can be written in the 
form 


FIGURE 1.13. Experimentally obtained depend- 
ence Aff (t). 
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where g is the viscoplastic fluid discharge through single capillaries, 
F is the cross-sectional area of the sample, n is its porosity and g(r) is 
the size-distribution function of the pore space. The value of r,, found 
from the condition of limiting equilibrium, is the radius of the pore in which 
fluid flow becomes possible for given t and/. In smaller pores (for r<r,), 
where the stress at the wall boundary does not exceed t, the fluid remains 
stationary. 

Thus, percolation through a sample may only start at some threshold 
value of the pressure gradient /4=2t/rz, where rz is the maximum pore size, 

On the other hand, for /~2=2t/r1, where mis the minimum pore size, all 
pores take part in the process and percolation becomes possible throughout 
the pore space, Hence, in particular, the active porosity of the sample, 
which corresponds to the relative volume of mobile moisture, is 


man|t— fowrar| (1.26) 


ry 


It follows from (1.26) that the active porosity can vary from m=0 (/</q) 
to m=n ( />/,), depending on the pressure gradient. In this case, we ignore 
the volume V, of the mositure in the boundary layers, which is related 


* Despite the fact that a model of parallel capillaries is extremely limited, the given solution can be applied 
to practical problems for approximating the given conductivity as a function of the pressure gradient. This 
is necessary for designing simulation devices which account for the plastic properties of fluids percolating 
through a finely disperse medium. 


38 


to the porosity by 


PE Gok Ah 
=, 


where V is the sample volume, and \V; the volume of the solid phase. 

Equation (1.25) was solved by Churaev for a parabolic (symmetric) 
distribution function g(r). 

Viscoplastic fluid percolation through heteroporous bodies is explained 
as follows in terms of the solutions obtained. The commencement of per- 
colation is determined by the condition IJ>/,, the value of /, depending 

on the maximum size of the pores where the flow 
first starts. As the pressure gradient increases 
uv, 10° m/sec further, smaller-sized pores participate in the 
6 process, which is associated with an increase 
in the active porosity. At this stage v(/) is 
nonlinear; this follows from the solution of (1.25) 
for a variable lower integration limit rx. 

When the pressure gradient exceeds /», which 
is determined by the smallest pore sizes in the 
Sample, percolation is possible in every pore 
and m=n. For yet larger pressure gradients, 
v(/) approaches the linear form v=A/ — 8B. 
However, experimental data indicate that a 
percolation law of the form v=K(/—/)), often 


fe Jj 4 used in these problems, has limited use, as it 

1, 10* newton /m? is only valid for considerable pressure gradients. 
FIGURE 1.14. Experimental Figure 1.14 shows experimental results 
dependence of the flow velocity obtained by Churaev uSing a percolation instru- 
v on the pressure gradient /. ment under a variable pressure gradient and 


several samples of different types of peat (1— 

low peat, 2 and 3—high peat), which is a 
heteroporous system. A dispersion medium, Squeezed out from the same 
peat, was used as a percolating liquid to eliminate structural changes due 
to colloidal— chemical processes, 

The interesting percolation properties of these samples were derived 
from their corresponding v(/), Shown in Figure 1.14. The required pore 
space characteristics for these types of peat were taken from /48/. The 
viscosity of the liquid was taken equal to that of pure water. The obtained 
values of t =1-1073—3-10-3dyne/cm’ agree well with experimental data 
/49, 50/, 

The experimental results confirmed the substantial effect of the presence 
of shear strength in the pore water on its percolation in narrow—pore soils. 


§ 13. STUDY OF FLUID BOUNDARY LAYERS IN 
CLAY SOILS BY AN ELECTROOSMOTIC TECHNIQUE 


It was shown experimentally /51/ that liquid near bounding surfaces 


possesses different properties than bulk liquid, particularly with respect 
to the mobility of boundary layers. In clarifying the nature of the plasticity 
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and strength of disperse systems it is important to note that the water 
mobility near bounding surfaces is lower, and that one must also determine 
the role of viscosity and plastic shear strength in this phenomenon. 

The theory of electroosmosis, developed by Bondarenko for a Bingham 
fluid accounting for boundary phases /52/, was used to determine the 
properties of boundary phases, including the shear stresses for which 
boundary phases are entrained in the general motion of the fluid. * 

When a viscoplastic fluid moves between plane surfaces a distance 
H, apart, the bulk fluid is characterized by a viscosity 1, shear strength 
tr, dielectric constant D, and Debye ion-cloud thickness x, for this region. 
For a boundary layer of thickness 6, these quantities assume different 
values denoted respectively by te, to, Dx and x. In the following, the 
subscript 1 will refer to the bulk fluid, and the subscript 2 to a boundary 
phase. 

For values of the external potential gradient — lower than some critical 
value F.,, the fluid due to the bulk electric force x=pE (where f is the 
volumetric charge density) moves between the planes K—K, on whose 
boundary v,(y)=0. The water volume transported by electroosmosis will 
be denoted here by Q;. 

When F2E.,, the shear strength t. of the boundary layer is overcome; 
the discharge of electroosmotically transported fluid will in this case be Q. 

The quantities Q, and Q, can be calculated approximately from the 
following relations: 


Oak 2 (1.27) 
Q. = Ky. E,- u(H, +28), (1.28) 


where, in addition to the previous notation, Kg, and Ar are the stabilized 
values of the electroosmosis coefficient over the electric field intensity 
ranges 0<£,<Eu and Ea<£,<o respectively (Figure 1.15); u is the number 
of gaps per unit filter area of width H;. From equation (1.27) we obtain 


aH, = — (1.29) 


The value of wH, can easily be found since Q;, Ke and E,; can be determined 
experimentally. 

Substituting the value of wH, from (1.29) in (1.28), we also find the 
relationship 


ud ) 
uF, qo (1.30) 


Figure 1.15 illustrates the dependence of the electroosmosis coefficient 
on the electric field intensity for Devonian clay, whose finely disperse 
fraction consists of kaolinite. The sample with water content W=33% was 
placed in an electroosSmosis meter. 


* The general case of electroosmotic flow for a viscoplastic fluid allowing for the special properties of 
the boundary phases is considered in Chapter XIII. 
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The following values of the quantities involved in equations (1.27) and 
(1.28) were obtained from this experiment: 
Q, = 0.00083cm*.sec~}, in which case K,;,=1.25-107-5cm?-sec7!.v-!, £, = 70v; 
Q. = 0.00407 em?. sec7}, in which case K,= 2,50: 10-5em?-sec7}. yo E,=160v. 


Substituting these values in equations (1.29) and (1.28), we obtain 


uH,=0.99. ud—0.0137, 


and hence from (1.30) 
{= 0.0138. 


As E->E,,, the electroosmosis coefficient Km, is given quite accurately 


by the expression Ap, = a =const; the electrokinetic potential is then 
aeiT 


ro) dD, 


For E>E,.,, the following relation for K, is valid to a high degree of 


accuracy /52/: 


D4bo 


_ Oo A, _ 
Kr = any, Hy + 47), = const, 
whence the electrokinetic potential is 
ie, Gal ea aed ge LL (1.31) 
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Hf, = Hy, +. %, 


and 6, from equation (1.30), is 
6 =I. (1.33) 


Using (1.33) and (1.32) we obtain H,=H,(1+2/), and hence (1.31) becomes 


= 4nn D, ] 
Go == K gp D, =h 5, a Tear (1.34) 


The following values were used to calculate &: 
D, = 80, 1, =0.0114 cm”!.g.sec ss 


K,, = 1.25. 1075em?. sec 7 W's=3.75- 107? em3?. g™””, 


E 
This yields the result 


¢, = 6.7: 10°° esu =2.0 mv. 


If, in the boundary layer, D2.=0.5, D,=40 and yn2=3n1=0.0342, and we use 
the experimental value of Km, equal to 


Kp = 2.50 -107°cm?.sec 7 v 7=7.5- 107° em". g -H2, 


and the computed values of & and /, then (1.34) gives the following value 
for ©: 


»=42-10°° esu =—12.6 mv. 


The order of magnitude of t is derived from expression (13.40) (see 
Chapter XIII): 


top = Ge (At — Ft) Fo (me JE GE A(R. a), (1.35) 


where, in addition to the known notation, a, and A, are Some values of y in 


the intervals (0, Au.) and (>. “2 | respectively, & is the Boltzmann constant, 


and T is the absolute temperature. 
For small potentials, the function w(y) may be represented in the form 


P(Y) = We-. 


Hence 


4 ” 
=( 7 as a) =v, (y) = Wyxje—*™, 


F 
zew ” 
F, — ( :T 1 ps A] = p, (y) — pase — "Aa, 


The value of is taken equal to ©: 


bo o> = 13.0 mv=4.35- 107° esu. 
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The effective soil pore diameter was calculated by Kozeny's formula for 
the results in Figure 1.15 and is 


d ¢ =0.5-10°°cm, 


As a first approximation we take 


A wz Ho = dig A 6=/H,=7.10° cm; 
H, = Ho =H, + 26=0.514- 107° cm; 


Af _ 
ph 20.125 107% yw (t+ Ft) 2 = 0.953. 10°; 


D,=80; D.=40; £,=5 mv/cm=1.7.10~’ esu; 
E,=E ., = 80 vicem=2.7-107' esu; 


A, = 


eee ee! Oe 


where c is the concentration in moles per liter. 
With these assumed values (1.35) yields 


T 2 = 94.5 dyne/cm?’. 


This value for the shear strength tof the boundary phase does not 
explain uniquely the correspondence of the real properties of boundary 
phases to those assumed in the calculation, since a similar variation in 
the electroosmosis coefficient for E,. may result in quite a different 
reaction. Ifa field of given intensity causes the destruction of the layer 
structure and the transformation of the fluid in it into a normal fluid with 
ordinary viscosity, then at the instant of viscosity variation the value of 
the electroosmosis coefficient will jump due both to a displacement of the 
boundary of the fluid with normal viscosity to the zone of high potentials y, 
and to a complete reorganization of the ion clouds due to the different 
solvent action and dielectric constant of the wall layer. 

If we assume that the viscosity and dielectric constant in the boundary 
phase take their usual values ny, and D, (characteristic of the bulk fluid), 
after attaining the critical external field intensity, then equation (1.31) 
gives ( =2.4mv. It is not clear whether the observed jump in electro- 
osmotic percolation is due to special rheological properties of the boundary 
layers, which are preserved for all values of the external field intensity, 
or to a loss of plastic shear strength at a definite critical value of the 
external field intensity and preservation of viscosity alone. The boundary- 
phase structures can be studied by investigating the plastic properties of the 
system under an electric field of intensity E>E,,. Plastic properties are 
found in finely disperse systems when the disperse medium is a polar 
liquid forming boundary layers with special structural and mechanical 
properties. If this structure is destroyed for E>E,,, the system should 
also lose its plastic properties. In addition, a possible check on the 
computed values of tz: may be to study the hydraulic conductivity under 
large pressure gradients. 
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§ 14. SOIL STRENGTH 


The study of soil strength is very important in establishing measures 
for the control of soil structure. The mechanical properties of highly 
disperse systems, which include clay soils, are largely determined by 
surface phenomena. 

The mechanical properties of the whole system are studied by considering 
the forces which act between individual particles in a disperse medium. 
The factors determining the interaction of particles Separated by a thin 
liquid layer include molecular long-range and ionic-electrostatic forces. 
These forces arise from equilibrium ion clouds on the particle surfaces. 
Boundary layers exist near the surfaces of polar liquids /51/ with properties 
different from those of the bulk liquid. When the particles approach within 
distances smaller than the boundary-layer thickness, the resulting disjoining 
pressure due to the special aggregation State of polar liquids near bounding 
surfaces should be taken into account. 

When solid surfaces are in direct contact, elastic repulsion forces 
appear which are due to the Born interaction between the electron shells. 
In the case of charged surfaces Coulomb electrostatic forces are also 
present, and either intensify or attenuate the above forces. 


Repulsion 
1 oi SL te Il P 


FIGURE 1.16. Force diagram. 


Figure 1.16 shows the dependence of the interaction forces qg on the 
distance A /50/. Curve 1 corresponds to the case of no elastic repulsion 
forces, for which the interacting forces at all distances bring about an 
attraction of the particles. 

Curve 2 represents systems in which the repulsion forces, acting at 
large distances A, are transformed into attraction forces with decreasing 
distance up to the point where elastic repulsion forces appear. Curves 3 
and 4 refer to systems in which repulsion forces act between the particles 
at all distances, curve 4 referring to the case when not only ionic- 
electrostatic forces, but molecular interaction forces as we?l produce a 
repulsion effect in the given medium. 

The interaction between particles is affected by their nature. For 
example, in kaolinite clays the packets in contact have unlike charges, 
So providing a strong bond between the surfaces at the corresponding 
distances. The different interacting forces of kaolinite particles are 
characterized by curves of the second type. 
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The bond between montmorillonite packets is caused by like-charged 
layers; the corresponding curves are between 3 and 4. The curves between 
2 and 3 represent the interaction between hydromica particles. 

Curves of the second type have two barriers (right and left) on the force 
diagram determining the characteristic properties under external effects. 
As long as the external force at the contact does not exceed the right 
barrier, then one can remove or reduce the charge to bring about the 

previous Situation. 

If the force at the contact exceeds the right barrier q.,;, then the 
particles spontaneously approach a distance Ah; the particles, as it were, 
fall into a ''molecular trap.'' In this case, the distance between the 
particles can only be altered by applying an attraction force exceeding the 
left barrier 9a1:. Until such forces are applied, the molecular adhesion 
forces tend to break up the system. 

The conditions for a strong molecular bond to arise in clay soils vary 
under different effects, e.g., compression, electric hardening, and drying. 

Differently sized aggregates are created while clay soil acquires its 
structure, characterized by the pore sizes. With the further transforma- 
tion and compaction of the deposit, the nonuniformity of the density 
distribution may decrease, though without disappearing completely. 

In accordance with the pore-size distribution there results a nonuni- 
formity in the system's rigidity which causes shear stresses over 
microscopic areas even under isotropic soil compression. 

Such shear deformations cease when a new, more uniform pore-size 
distribution is attained. As a result, the shear strength and creepthreshold 
are no longer exceeded. 

The compaction due to microshifts in the compression of clay soils 
usually constitutes the main part of the irreversible deformations. In this 
case, considerable compaction of the sample may still not cause direct 
contacts between most particles, and its hardening will be comparatively 
small. 

The electric compaction of a disperse system differs from compressional 
compaction becauSe it is not the relative displacement of particles, but 
their approach to one another which may contribute much toward irrever- 
sible changes. After the system becomes three-phase, neighboring particles 
are pressed together by capillary pressure, In this case, molecular bonds 
arise, wherever the capillary pressure (with the external charge and bulk 
electric force, arising in electroosmosis) exceeds the critical value Gor 13 
the pore-distribution nonuniformity will not change significantly here. This 
process is similar to the hardening of clay soils when drying. Consequently, 
given soil samples of the same porosity, achieved by electric and compres - 
sional hardening (for equal initial porosity), will have different strengths 
and percolation properties, as confirmed experimentally for samples 
investigated by percolation and soaking. 

Samples of clay paste, prepared from Devonian clay whose finely 
disperse fraction consisted of a mixture of kaolinite and hydromica, were 
found after electroosmotic hardening to be more stable upon soaking, but 
more permeable to water during percolation in comparison with a control 
sample having the same total porosity after compression. 

Figure 1.17 shows the dependence of the hydraulic conductivity K on the 
pressure gradient / for samples compacted by compression (curve 1) and 
electrically hardened (curve 2), The water content of fully saturated 
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samples after percolation tests was 39, 55and 39.5% respectively. The 
initial water content of the clay paste, which was in a fluid state, was 51%. 

The electrically treated sample, taken from the region of the anode, 
was stable when soaked; this may be due to additional molecular bonds. 
The short duration of current flow, the small electric energy expenditure 
and the use of platinum electrodes enabled chemical and colloidal-chemical 
reactions to be ignored in the electric hardening process. 

Studies of the shear strength of soils confirm that the compressional 
hysteresis is due to the simultaneous action of van der Waals and ionic- 
electrostatic forces. 

Microstructural samples of heavy loamy chernozem soil with water 
contents of 20, 25, 30, 35, 40 and 45 % were first compacted by compression 
in the ring of a shearing instrument up to a density of 1.1g/cm’, after 
which shear tests were performed, * 
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FIGURE 1.17. Hydraulic conductivity K vs pres- 
sure gradient / for Devonian clay: 


1—after compressional hardening; 2—after elec- 
troosmotic hardening. 


FIGURE 1.18. Shear strength t+ of the soil 
sainple vs water content W: 


1— under compressional compaction; 2—under 
compaction by drying. 


The control samples, with initial water contents of 57.8%, were slowly 
dried at a temperature of + 25°C. During this process, the sample density 
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varied from 1.01 to 1.14g/cm”’. When the required water content was 
attained, the rings were hermetically sezled and the samples tested 24 hr 


later. 


The experimental results are given in Figure 1.18. As expected, a 
certain water-content range (20— 33%) existed over which the shear 
strengths of the samples compacted by drying (curve 2) were higher than 
those of the compression-compacted samples (curve 1) for the same 


humidities and similar densities, 


* The experiments were performed at the laboratory of soil physics in the Agrophysical Institute. The design 
of the shearing instrument is similar to that described in /53/. The sample size was 5.5X40X69mm. 


These results indicate that compaction and hardening mechanisms of 
disperse systems, which allow for surface forces, enable one to predict 
some physical changes in soils subjected to different loads. 

Allowance for irreversible processes due to surface phenomena in the 
hardening mechanism of some highly disperse systems is useful in the 
building trade for controlling the soil structure. 

An examination of the mechanism tkrough which strong molecular bonds 
arise in the anode region when direct electric current is passed through 
soil, leads us to conclude that the structural properties of clay soils, whose 
finely disperse fraction consists mainly of kaolinite or hydromica, can be 
improved by comparatively small expenditures of electric energy. 


§ 15. SPECIAL RHEOLOGICAL PROPERTIES OF 
STRUCTURAL SOILS 


A knowledge of soil shear strength and the various factors affecting the 
rheology of soils is necessary for developing means of controlling the 
physical conditions in soil. At present, this necessity is very important 
due to the increase in tractor power, the higher working speeds witha 
corresponding rise in the specific pressures on the soil, as well as the 
use of artificial structure-forming agents. 

Recently, publications have appeared in which the mechanical properties 
of disperse systems are considered with due allowance for surface forces 
/50, 54, 55/; on the other hand, these investigations concerned structureless 
pastes on the assumption that there were no sharp density variations from 
the mean density of the system. However, soils always have a structure 
with considerable deviations of the rheological characteristics of individual 
volume elements from the mean values over the whole system. It is 
precisely the inhomogeneous character of rheological bulk properties that 
also determines soil structure, 

The characteristic dimension of a volume element in whose properties 
a sharp variation appears should indicate the macrostructure or micro- 
structure of the soil. If the mechanical properties differ little from the 
mean, then under mechanical actions of a certain intensity which destroy 
the system, its disintegration into separate parts will be largely random 
and related to the inhomogeneity of both the system's properties and the 
mechanical actions at various points of the system, 

If the inhomogeneity of the system's properties is much greater than 
that of the mechanical actions, then upon its destruction the system should 
disintegrate into parts determined by the characteristic size of the 
inhomogeneous zones of the mechanical properties. 

The inhomogeneity of a system's rheological properties may increase 
or decrease depending on the degree of water saturation of the soil. If the 
decrease under full water saturation is considerable and the order of the 
inhomogeneity drops to that of the external actions, the system's structure 
is not water stable. 

The sharp difference in shear strength of structural elements (macro- 
aggregates, microaggregates, primary particles) from the mean value of 
the whole medium in disperse bodies determines their special rheological 
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properties as opposed to continuous media. In continuous media shear 
deformations are determined by the laws of elasticity, plasticity or viscous 
flow, whereas in disperse bodies, in addition to the enumerated types of 
deformation, others may arise which are characteristic of the boundary 
friction and rolling friction of solids. Depending on the strength of the 
structural elements and the intensity of the external effects, deformations 
may or may not be associated with the disintegration of these elements. 

In shear deformations, individual elements and their groups may perform 
both translational and rotational motion. 

The strength of disperse systems and their rheological characteristics 
are largely determined by the appearance of surface forces which depend 
on the specific surface and density of the system, and on the nature and 
shape of the particles. 

When shear forces act on a structural soil, deformations of the following 
types may occur. 

Overbalancing of aggregates. Deformations of this type occur 
in sandy and gravelly soils. They may arise in structural soils when the 
strength of the aggregate exceeds the stresses present within it. In this 
case, the aggregate may sometimes turn relative to its contact with a 
neighboring aggregate. The stability condition of the aggregate will then 
be determined by 


Ta — Nb— Di (C+ Ce =0, (1.36) 


where 7; is the component of the external forces acting on the aggregate 
in the direction of shear; N is the component of the external forces 
perpendicular to the direction of shear; Cag are the adhesion forces with 
neighboring aggregates, which are destroyed by overbalancing; C,; is the 
kinetic resistance of water layers at junctions with the aggregates; a, b, 
and e are the respective arm lengths relative to a fulcrum at the point of 
overbalancing. 
Hence, the total resistance of the aggregate to shear is 


= Nb + 3) (Coat Gd e (1.37) 


a 


r, 


If the normal and shear forces are applied simultaneously and the system's 
density is assumed constant at the junctions, this expression takes the form 


T,=|,N+C,, (1.38) 


where 
b 
h=Z and C= Yet Ca <=; (1.39) 


f, is the friction coefficient and the constant C, represents the adhesion 
during shear. 

Rotation of aggregates without overbalancing. Inthis 
case the shear strength 7, is determined by the same type of relation as 
for overbalancing, but with the arm lengths taken relative to the rotation 


center. 


48 


Relative displacement of a group of aggregates 
without rotating and overbalancing. Aggregate packing and 
the magnitude of the forces preventing rotation are sometimes such that 
the relative displacement of a group of aggregates without any rotation is 
the most probable motion (as it requires less work). The static shear 
resistance 7; per contact is then /50/ 


Py= (949g FI, Ie + Ix) IB OH (GET, FIV) » (1.40) 


where gq is the external load, q,, is the molecular breaking strength of all 
the contacts, g, are the long-range forces between the particles (molecular 
and ionic-electrostatic), gc are the capillary forces at the contacts, g, are 
the plastic adhesion forces and ¢ is the angle of the internal friction in the 
soil. 

The different quantities g represent components of the forces at the 
contacts normal to the displacement. At the same time, there is alsoa 
component in the direction of the displacement, and these are denoted in 
the above expression by Tf; as well as by primed qg. For kinetic shear 
strength one should take into account (as before) the viscoplastic 
resistance of water layers for the relative displacement of aggregate groups. 

Shearing of aggregates. If shearing of an aggregate along 
internal surfaces requires less work than the above types of deformations, 
then the shear resistance will be determined by the internal aggregate 
shear strength. When this aggregate comprises microaggregates, all the 
different deformations may appear. 

In real structural soils all the deformations may arise simultaneously, 
but the relationship between the deformation types may vary depending on 
the connection between the strength of the macroaggregates and micro- 
aggregates, and the magnitude of the external forces, as well as on the 
density and water content of the system. 

A general feature of all the shear resistance forces considered is that 
they contain both a static and a kinetic part, but the relationships between 
these parts vary for different deformations. Consequently, one should 
expect a change in the relationship between resistance components which 
are both dependent and independent of the deformation rate of the system 
as its density or water content varies. 

The mechanism of shear deformations of structural soils yields 
information on the different factors affecting the rheology of soils, such 
as how aggregate strength due to artificial structuring affects shear 
strength, how a soil's water content for different aggregative compositions 
affects the kinetics of tool adhesion to the working surfaces, and the effect 
of fertilizers containing salts and organic compounds on the preservation 
of an optimum soil structure during the vegetation period. 


§ 16. SHEAR STRENGTH OF STRUCTURAL SOILS 


If the total shear strength t; of a system is divided into two parts, Tioy 
and thign, Consisting of components with low and high relaxation rates 
respectively, then the resistance of a system to shear deformation is 


Te = Tow F Thigh » 
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If the stresses t do not exceed t 
arise. 

As a result of particle displacements, in addition to the appearance of 
many contacts and the change in the interaction forces between the particles, 
the system is strengthened and deformations almost cease. 

For t>t,,, the stage of creep follows plastic deformations and strength- 
ening. If the system is not weakened as a result of further particle 
displacement and reorientations, the creep may become chronic and 
proceed at a constant low rate. If the soil is weakened during creep, the 
deformation rate later begins to increase gradually and the deformation is 
transformed into a rapid shear. The minimum shear stresses for which 
this occurs could be called the ''persistent strength" t of the soil or ground, 

If t is so much greater than 1,,, that after the plastic deformations there 
is no creep at all, and the plastic deformations are directly transformed 
into a rapid shear, then the minimum stresses for which these conditions 
occur could be called the "instantaneous strength’ tw of the soil or ground. 

Potapov and Bondarenko obtained experimental results at the Agrophysical 
Institute by subjecting samples of microstructural heavy loamy chernozem 
of gravimetric water content W =50% and a normal loading of 10 g/cm’ to 
shear stresses 1; (Figure 1.19). 
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FIGURE 1.19. Time variation of the relative shear 


ee : d 
deformation in soil e = =) 


& —relative displacement of points on opposite sides 

of the sample; s—sample thickness; 1— 1,=6.9 g/cm’; 
2-1, = 8.1 g/em’; 8— += 11g/cem*; 4— +,= 12.3g/em’; 
5— t,= 15.2g/cm’*. 


When 7, = 6.9g/cm’, deformation curve 1 indicates that creep and plastic 
deformations take place during the first stage OA:. The system deforms, 
and the structural elements enter a more stable arrangement due to an 
increase in their mutual interaction forces. System hardening stops plastic 
deformations, creep is gradually attenuated (section A,B; on curve 1), 
deformation ceases and the system stabilizes (section 8;C;). Similar 
deformation (curve 2) takes place for t= 8.1 g/om?, but the plastic 
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deformations are larger (section OA, ) and the creep is attenuated more 
slowly (A2B2). 

When +3 = 11.0g/cm? (curve 3), the deformation differs even more; its 
absolute value increases. Plastic deformations continue for a long time 
(OA3) before they stop. Creep has not stopped by either time 8B; or C;. 

Since t3<t;, the creep does not cause the system's disintegration. 

When 1+ attains the value 12.3g/cm? (u21:, curve 4), the deformation 
pattern changes sharply. Section OA, of the curve corresponds to plastic 
deformations and creep immediately after forces are applied to the system. 
As a result of the change in the porosity of the system, mixed deformations 
are replaced by creep. 

The overall effect of plastic deformations and creep results in overcom- 
ing the strength bonds and destroying the initial state of the system. 

In the case 1; = 15.2 g/cm? (curve 5), after the application of a shearing 
force, plastic deformations develop at an increasing rate and bring about 
the rapid destruction of the initial state of the system. 

The deformations shown in curves 1—3 are characteristic of self- 
compaction of the soil, and those in curves 4—5 of its tillage. 

Stabilized deformations (Figure 1.19, curves 1—3) indicate that under 
the load the system enters a new, more stable equilibrium state, i.e., it is 
hardened. 

The total stabilized deformation e may be divided into two parts, nameéiy, 
a permanent deformation ep, and a restoring deformation e,,, the latter 
disappearing after removal of the stress. 

The restoring deformation in soil is small, and its possible application 
decreases sharply with time after a deformation becomes stable. The 
latter is confirmed by the following experiment. 

Microstructural samples of chernozen soil with W =50.6 % were used 
to study the attenuation of a restoring deformation er; (for 1 =15.2 g/cm? 
and a normal loading of 17.2 g/cm’) as dependent on the time the sample 
is subjected to a shearing stress after the deformation stabilizes 
(Figure 1.20). 
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FIGURE 1.20. Deformation restoration after removal 
of the load. 


The shear stress was removed 20, 40, 60, 90 and 150 min after the 
beginning of the experiment and the deformation restoration studied. The 
shear strength depends on the water content of the soil, its structure, the 
normal load and the rate at which the shear stress increases in the system. 

The influence of water content and soil structure on shear strength is 
shown in Figure 1.21. 
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The experiment was conducted with samples of heavy loamy sod-podzolic 
soil. The normal pressure on the sample was always 41.64g/cm*, Micro- 
structural samples dried from a gravimetric water content of 50% (curve 1), 
samples moistened from an air-dry state to a water content of 47.5 % 

(curve 2), as well as macrostructural samples of aggregates of size 
d =1—2mm moistened (curve 4) and dried (curve 3) by the same technique, 
were investigated. 

The experimental results (Figure 1.21) show that the shear strength of 
dried microstructural samples increases sharply to gravimetric water 
content of 17.5%; subsequently + decreases due to the formation of cracks 
in the sample. 
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FIGURE 1.21. Shear strength FIGURE 1.22. Shear strength t vs. 

t vs, soil water content W. water content W, upon moistening 
and drying of soil samples and their 
mechanical compaction. 


The shear strength of macrostructural samples up to a water content of 
43% remains lower than that of microstructural samples, for both drying 
and moistening. 

When microstructural samples are moistened (curve 2), the bulk density 
of the soil increases with water content from 0.98 to 1.06 g/cm’; when dried 
from W=50%to W=17.5%, the bulk density increases from 1.06 to 
1.21g/cm*, The density of macrostructural samples subjected to the same 
treatment is practically constant, remaining within 0.82—0.85 g/cm’, 

To determine the difference in strength of samples with the same bulk 
density, but achieved in one case by drying énd in the other by compression, 
experiments were conducted with microstructural samples of chernozem 
soil (Figure 1.22). In one case they were moistened from an air-dry state 
to a water content of 55.6% (curve 4), while in the others they were dried 
from this water content to one of 15 % by weight (curve 1), 

In this experiment, too, there is a sharp rise in shear strength upon 
drying the microstructural samples to a water content of 20% (when dried 
further, they crack). Whereas the sample bulk density upon moistening 
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(curve 4) varied from 0,96 to 1.01 g/cm?, i,e., very little, upon drying 
from 55 to 20% it rose from 1.01 to 1.12 g/cm’, 
The moistened samples were compacted mechanically; in one case their 
bulk density over the entire water-content range studied was 1.10g/cm°® 
(curve 3), and in the other it was 1.15 g/cm° 
(curve 2), 


t, g/cm? The figure shows that even for a higher 
bulk density, the samples compacted 
sd mechanically over the water-content range 
of 15— 25.5 % were weaker than those 
70 compacted by drying. 
Compaction by drying draws the particles 
50 closer together over the micro-areas of the 
2 contacts, and is accompanied by molecular 
bonds, adhesion and cementation. 
uv In compression, besides the particles 
y and aggregates coming closer, there are 
10 microdisplacements over contact areas; 
Yj as a result a different pore-size distribution 
PA JO 40) od 60 ‘ : 
Ww, % is created, while adhesion and cementation 
processes are absent or far less pronounced. 
FIGURE 1.23. Shear strength t vs.soil In all the experimental treatments the 
water content W, for two deformation normal load was 41.64g/cm’. 
ae sac The shear strength is mainly affected 


I—v= 1:10 *cm/sec; 2—v= 2.62cm/sec. by the viscoplastic properties of the 

liquid separating solid surfaces. This 

becomes obvious if one follows the change 
in t of microstructural chernozem samples with a change in the rate of 
increase of the shear stress in the system (Figure 1.23) from 1-10-?cm?/sec 
(curve 1) to 2.62cm?/sec (curve 2). A rise in the relative displacement rate 
increases 1 and shifts its maximum toward the higher water-content range. 

The example of quartz sand (Table 1.11) confirms that it is the liquid 

between solid surfaces which affects the variation in t with increasing rate 
of shear. 


TABLE 1.11. Effect of water content on the shear strength of quartz sand as 
the relative displacement rate is increased 


Sample Shear strength, g/cm* | Sample Shear strength, g/cm? 
water | relative displacement rate, water | relative displacementrate, 
content, cm/sec content, cm/sec 
Jo 1.107? | 3.141071 | 2.62 Po 1-107? | 3.14107? | 2,62 


0.53 24,50 25,60 28,30 
7.50 33.00 38.10 52.70 
17.50 40.00 49.80 67.20 


. 23.00 33,00 40,20 63 10 
| 26,00 31.10 — 51.00 


| | 
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€ 17. SOUND VELOCITY IN SOIL AND ITS RELATION 
TO THE PHYSICOMECHANICAL PROPERTIES OF SOIL 


Repeated attempts have been made to obtain an expression for the velocity 
of sound in a two-phase medium. In 1947 Urick /56/ obtained an expression 
for the mean compressibility and mean density of a suspension of one fluid 
in another by assuming that the dimensions of the sound waves propagating 
in the system are larger than those of the particles. In this case the 
mixture behaves as a homogeneous medium with properties intermediate 
between those of the two components. The corresponding wave velocity is 
in close agreement with the experimental results. Later, Urick and 
Amenet /57/ developed a more accurate theory, which regarded the 
particles as dispersed points and accounted for the relative motion of the 
particles and fluid in the velocity field of the sound wave. Although this 
theory is approximate (it assumes that the waves propagate in a homo- 
geneous medium with infinitely small particles which move randomly and 
independently of each another), it nevertheless yields values of the 
attenuation and velocity of the sound waves. 

Another approximation was used by Gasman /58/ to calculate the 
modulus of elasticity and wave velocity ina model consisting of homogeneous 
spheres densely packed in hexagonal Symmetry. This theory was verified 
by White and Sengbush /59/, who confirmed experimentally the dependence of 
the wave velocity on the layer depth (as predicted in Gasman's paper ). 
However, this agreement no longer holds if the conditions used to derive 
the equations (e.g., uniformity of particle sizes, presence of fine-grained 
clay in the pores between large granules of the solid matrix of the system, 
presence of relative motion between the particles and the fluid, etc.) are 
not met. Mors /60/ considered a model in which the particles do not move 
and sound waves propagate through the interstitial medium (gas— liquid), 
whose viscosity was assumed to be low compared with that of the matrix 
particles (for example, air and quartz). 

Ament /61/ derived an expression taking into account the relative motion 
of the particles and the solid. This expression relates the effective 
bulk compressibility factor B.. to the effective density p,, and the 
propagation velocity v, of compression waves, and is given by 


ne (Fen) (1.41) 


O eff 


In the first approximation, fer is taken as the weighted mean of the 
components §; in the form 


l Q; 
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where qi is the volume fraction of the i-th component of the system. The 
following formula can be obtained after a number of simplifications: 


SG heen 
Pepe Pst P2 — 10F€G, [C2 + Po (01 — P2)] © 
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In this formula pe is the effective density, p, is the static density, p: and 
p2 are the densities of the components (of the solid matrix and the interstitial 
medium), g: and g2 are the volumetric concentrations of the components in 
the system, o is the angular frequency of the vibrations and ¢# is the 
permeability of the medium. The simplifications enable us to consider a 
model consisting of a two-phase system bounded by two planes, and the 
oscillations are taken as directed along a direction x perpendicular to these 
planes. The fluid volume V, which flows (due to the resulting pressure 


gradient SB) per unit time through unit area of the medium, is related to 


the permeability <# as follows: 


After separating the real and imaginary parts of the solution, neglecting 
second-order terms, etc., the above formula may be written as 


me (14 0 S67¢) (91 — Pa) SS. (1:42) 
si 20st Po 
where vs is the wave velocity calculated from the static value of the density. 
The use of Stokes" law for a suspension consisting of individual spherical 
particles enables the value of # to be calculated: 


_ 292°? (1.43) 
EVP 

where r is the radius of the particles and v is the viscosity of the medium. 
Officer /62/ used this method to compute the propagation velocity of waves 
at the sea bottom and checked it with a seismic reflecting technique over 
the frequency range 80 to 3 Hz (where #=2-107§ cm®-sec/g, r=5-10°4em). 
In such calculations Wis usually obtained experimentally from the 
compaction and compression of a porous medium. In particular, following 
Taylor's formula /63/, 


A 
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where ar is the (primary) compressibility factor, which is the ratio of the 


change in the number of pores to the change in the applied pressure, and 
Xa, 1S the mean number of pores over the range induced by the change in 
pressure. The contraction coefficient C.,., can be obtained using consolida- 
tion experiments in a layer of thickness / during time 1, and calculated, 
for example, by Terzaghi's formula /64/ 


a 


where U is the compaction, m is an integer, and Co. is the contraction 
coefficient. For silt at a pressure of 16 kg/cm”, 5 = 4-107! om’. sec/g; 
and for mud at pressures of 265 and 32kg/cm’, #=5-107! and 
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5-10-3em?*- sec /g, respectively. The discrepancies in the values of 
calculated by Ament and Officer (the latter obtained a value of # several 
orders of magnitude higher) are probably due to a difference in size of the 
granules and the presence of bound adsorbed water having another viscosity. 
If H=5:10°cm?*-sec/g, op, =2.5g/cem*, po =1.4g/cem* and g=25%, 


formula (1.42) yields v.=vs (1+4-107 v2), where ya is the wave 


frequency. 
Calculation shows that, in order to observe a 10% variation in velocity 


H 
as a function of frequency, it is necessary that v= 500 a This implies 


that the difference between the effective and static density may be neglected 
in the dispersed materials investigated, and the material considered as a 
quasihomogeneous medium with some equivalent density p, and modulus of 
elasticity or bulk compression 8. 

For such a material the compression wave velocity will have the form 


/65/ 


oy _ k++)" (1,44) 
0 
where 
r= a, (1.45) 


and » may vary widely. If the properties of a two-phase mixture approach 
those of a liquid, then p>0, and if that of a solid, then pis large. In 
laboratory experiments with silt deposition at the bottom of tubes, p-=-0; 
for mud on the ocean bottom under a high pressure for millions of years, 

4 assumes stable and high values. The value of » can be determined from 
formula (1.44) for known v,, p and B. With a knowledge of p and f, all the 
elasticity parameters of the medium can be calculated. It was proposed 
/65/ that as a first approximation the bulk modulus of elasticity be found 
from 


__ Bibp (t+) 
ay ey ae (1.46) 


derived from the general expression (1.45) for a two-phase system; JA is 
the ratio of the volume of component 2 to that of component 1, Bi = 

= 3-10!! dyne/cm’ (for the solid phase) and pf: = 0.22-10!! dyne/cm? (for the 
liquid phase). When comparing the calculation with experiment, the bulk 
modulus of elasticity differs by approximately a factor of two. This may 
be because the calculations did not account for the resistance of solid 
particles to deformation (which increases as the system becomes more 
compacted), and all the compression is attributed only to the consolidation. 
Particularly fruitful was the approach based on the original theory of Hertz 
/66—69/, who proposed a method for calculating the elastic interactions 
of many bodies in mutual contact and gave a Solution establishing a relation 
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between the contact force and displacement. This theory was subsequently 
applied to a system consisting of spherical granules packed in tetrahedral 
symmetry, taking into account normal and tangential components of the 
contact forces /69—71/. Initially, the system is assumed to be in 
equilibrium, after which some additional force is applied causing deforma- 
tion. To determine the relationship between the applied pressure and the 
resulting stress in the system, two boundary conditions should be applied: 
a) at each given moment not only must the entire volume of the system 
under consideration remain in equilibrium under the effect of the increase 
in applied forces, but each sphere and every part of a sphere inside this 
volume must be in equilibrium; b) the relative displacements of the sphere 
centers must be compatible. 

The calculation is also based on the following considerations. An 
additional monotonically increasing tangential force applied to a constant 
normal force causes slipping at the contact surface, beginning from its 
periphery and extending inward; the surface on which slipping takes place 
is therefore annular, anda displacement arises between the centers of 
neighboring spheres, The displacement was estimated both theoretically 
and experimentally /72, 73/, and results obtained which took into account 
the normal component of the contact force. 

After a number of simplifications for a tetrahedral system of solid 
spheres separated by an interstitial medium, a relationship was established 
/74/ between the pressure and the velocity v, of longitudinal sound waves 
in the form 


where p is the pressure applied to the system, v, and pws, are respectively 
Poisson's ratio and the shear modulus of the dispersed material; Oma is 
the density of the granular matrix, i.e., that of the material of the spheres 


multiplied by the packing factor + V3. 


This dependence of v, on p approaches that established by Laughton for 
sedimentary materials: v,.=a+6Yp, where a and 6 are experimentally 
obtained coefficients. 

Experiments show that it is difficult to propose a single dependence 
v;(p) for all soils under all conditions. Thus, Mieh /75/ shows that sands 
and clays have different v;(p). In soils containing a great deal of clay, in 
compacted loams, and generally in well-structured soils, this dependence 
is considerably weaker than in coarse-grained sandy soils and sands, for 
which the relationship v,=a+6Vp holds. 

At the same time, a pressure variation from 0 to 2.3 kg in compacted 
loam results in only a 10% rise in the velocity of sound. 

Tsareva /76/ derived the following dependence of v, on p for dry sand: 


U.== const Vo. 


The dependence of v, on the mechanical and physical properties of a medium 
enables an acoustic technique to be used for determining the strength and 
deformation of soils /77/. This method was used to study the mechanical 
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properties of different types of concrete, and also the porosity and sound- 
insulation characteristics of rocks and soils. For example, in /77/a 
cylindrical soil sample of size 5.0X5.1cm, and known water content and 
porosity was clamped to an anvil between a hammer attached to an electric 
vibrator and a sound pickup. The soil stress was varied by means of a set 
of weights, When the vibrator was switched on, the hammer hit the anvil 
at a frequency of 50Hz. The pulse passed through the sample and was 
transformed in the sound pickup by a piezocrystal into an electric signal 
which was fed to the vertically deflecting plates of a microsecond— oscillo- 
scope tube. A continuous line appeared on the screen, since the vibrator 
produced pulses at a high frequency. An inflection point appearing on this 
line corresponded to the moment when the acoustic signal arrived in the 
sound pickup, and the slope of the upward-deflected ray characterized the 
degree of dispersion of the sound pulse passing through the soil sample. 

To determine the propagation velocity of the sound pulse, two quantities 
must be known: the thickness of the soil sample and the propagation time 
of the pulse through the sample. The latter quantity was found from the 
scale of the oscilloscope, which fixed the instance at which the marking 
pulse coincided with the beginning of the visible vertical deflection of the ray. 

The velocity of the signal gives some idea of the mechanical and deforma- 
tion parameters, and other physical properties of the soil. 

Grigor'ev /77/ processed much data obtained from the above experiment, 
and derived the following empirical formulas for the deformation modulus 
Ema Of Soils and their strength o under one-dimensional compression, 
relating both these quantities to the sound velocity v,: 


bane line, 


where € is the relative deformation, equal to the ratio of the deformation 
to the hammer diameter; fn, m, a and a are computational coefficients 
depending on the soil water content W. and specific surface F, 

The dependence of these coefficients on the water content and texture 
of the soil is shown in Figures 1.24 and 1.25. Figure 1.26 shows the 
dependence of Eya and oon v,. The good laboratory results gave grounds 
for measuring Ema and o under field conditions. For this, special acoustic 
Signal generators were developed with electromagnetic, mechanical and 
pneumatic drives, and acoustic probes were adapted for investigating natural 
soils. These probes were buried in drill holes, and contained a pulsed 
source and a sound pickup. Under certain conditions, such probes measured 
the velocity and amplitude of the pulses, and consequently all the elastic 
characteristics of the soils, namely, Ema, o, Poisson's ratio, and the 
structural strength of the soils when subjected to static loads, 

The relationship between the mechanical stress and the sound velocity in 
the soil is established in /77/ from the density variation of the soil sample 
during compression. An increase in load causes a rise in soil density with 
a resulting decrease in the air content of the sample: the mechanical 
contact is strengthened giving an increase in the velocity ¥,. 

If the sample is free of air (e.g., it is completely saturated with 
moisture), no increase in yv,is observed as the load o increases. Beyond 
a certain limit o=o,, saturation affects the v,—o curve /76—78/. 


58 


a b 
10 O5 
n / N, 
60 é 
a4 
50 J 
4 
40 us 
ry) 
JO I- 
5 Q2 
20 7 
Os 
te 
0 i A eer ae 
G2 03 04 OF O06 O7 26 02 Q3 04 O65 
W, W, 


FIGURE 1.24. Parameters n and n,'vs.the water content and texture 
of soil: 


a—parameter n for the following specific surfaces F:1—8000; 2—7000; 
38-6000; 4—5000; 5—4000; 6— 3000; 7—2000; 8—1000; 9—500; b— 
parameter n,for Fequal to: 1—7040; 2-5080; 3—2540; 4—1800; 

5— 1080 (F in cm?/g). 
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FIGURE 1.25. Parameters a and a, vs. the FIGURE 1.26. Deformation modulus E pay and 
water content W,and texture of soil: strength o of soils under one-dimensional com- 


pression vs, the velocity v,of an acoustic signal: 
1— WY = 0.3; ea Wy= 0.4; a= W y= 0.5; 4— W,= 


= 0.6; 5—Wo= 0.7; 6—W,y= 0.25; 7— Wo= 0.3; a) 1—-W,= 0.9; 2 Wy= 0.4; 3-W,= 0.5; 4—We= 
8—W,= 0.4; 9-W,= 0.6; 10—W= 0.7, = 0.7; b) 1—Wo= 0.25; 2-Wo= 0.4; 3~ Wy=0.5; 
4—Wy= 0.6. 
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The existence of hysteresis was established in /76/, i.e., the curve 
of the increase in v, with increasing load does not correspond to the reverse 
process of decreasing the load. 

This work confirms the linear fall in sound-wave velocity with increasing 
porosity, mentioned in other publications as well. Such an effect exists in 
soils with different water contents (W =30—70%). For a constant density, 
the ultrasonic velocity in the soil increases with pressure. Thus, in 
Figure 1.27 showing graphs of v. versus porosity, curve 1 (plotted for a 
pressure of 338kg/cm’) lies above curve 2 (plotted for a pressure of 
0.03kg/cm7”), although the densities in both experimental setups are the 
same (2.01—2.02 g/om?). This indicates that the velocity of sound waves 
depends on the state of stress of the soil. 


U., in/see 


U., m/sec 


, 
FIGURE 1.27. Acoustic signal velocity vw, vs.soil FIGURE 1.28. Acoustic signal velocity uv. vs. soil 
porosity n: water content W,; 
I— W, = 0.4—0.5; 2-— W= 0.8; 3- w= 0.6; I- 1, 2, 3—different soils (No. oot oat 21) fora 
W, = 0.3; Il— W.= 0.4; TI- = 0.5; IV— W,=0.6; porosity x= 0.4; 1’, 2', 3'—the same soils for 
V—-W,= 0.7. a = 0.3. 


When the density of sand is increased, the linear dependence v.(5) (6 is 
the bulk density of the soil matrix) is invalid. For each value of the water 
content, the departure from linearity occurs at another density. Generally, 
the shape of the curve vu,(6) for any water content approximates a straight 
line up to the value 5=1.4g/cm*, but as the bulk density further increases, 
the velocity of sound rises more steeply. 

Attempts have been made to establish a relationship between the velocity 
of a sound signal and the moisture content in the soil /78/. It has also been 
suggested that a method might be developed for determining soil water 
content by measuring v,. However, available data in this connection are 
not very encouraging. Although some papers have established that the 
sound velocity is independent of water content, this conclusion cannot be 
generalized to all soils or to all ultrasonic frequency ranges. For example, 
over the frequency range 200—100kHz, Wille and Gregory /79/ observed 
a rise in the velocity of a sound pulse with increasing water content, and 
Schmidy /80/ observed a fall in the pulse velocity v, with increasing soil 
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water content for frequencies of 200—500kHz. The weak dependence of v; 
on W) is illustrated in Figure 1.28; the data were obtained for a number of 
soils with porosities of 30—40% /77/. 
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Part One 


MOLECULAR PHYSICS AND THERMO- 
DYNAMICS OF SOILS 


Chapter II 


MOLECULAR AND IONIC-ELECTROSTATIC FORCES 


€ 1. MOLECULAR FORCES BETWEEN 
MICROPARTICLES 


Besides valence forces or hydrogen bonds, which can bring about 
saturation and appear at interatomic or intermolecular distances of the 
order of several Angstroms, there are also molecular interaction forces 
which do not cause saturation. At short distances they have the character 
of repulsion forces, and at long distances they act as attraction forces, 
which decrease monotonically with increasing distance between the 
interacting particles. These forces between atoms and molecules also 
result in molecular interaction forces between two microscopic bodies. 

In the 18th century, the existence of molecular forces was conjectured 
by a number of scientists in connection with capillary phenomena. In 1806 
the French mathematician Laplace used this concept in deriving the famous 
Laplace equation for the capillary pressure in fluids with curved bounding 
surfaces /1/. Later, this hypothesis was used to substantiate the theory 
of elasticity (Navier, Cauchy, Poisson), and was applied to the study of 
critical phenomena (Mendeleev, Avenarius, Nadezhdin and others). In 
1899 van der Waals assumed the existence of molecular forces to derive 
the equation of state of a gas /2/. 

The theories of this period assumed an unspecified functional dependence 
of the molecular forces on the distance between the molecules. 

The first correct concept of the nature of molecular forces was given in 
1894 by Lebedev. He pointed out that the interpretation of light waves as 
electromagnetic processes involved the hitherto unknown problem of what 
takes place in a molecular oscillator when it emits light energy to the 
environment. Lebedev wrote /3/: ‘Adopting the viewpoint of the electro- 
magnetic theory of light, we should affirm that between two light-emitting 
molecules, as between oscillators in which electromagnetic oscillations 
are excited, there exist ponderomotive forces due to the electrodynamic 
interactions of alternating electric currents in the molecules (according to 
Ampere's law) or alternating charges in them (according to Coulomb's 
law); in this case, therefore, there should exist molecular forces between 
molecules..." 

In 1930 London published a quantum-mechanical theory of interaction 
between nondipolar molecules and atoms /5/, 

This general theory also corrected earlier classical formulas for the 
interaction of polar molecules. According to London's theory, the 
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interaction energy between two molecules is 
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where d is the dipole moment of the molecules, r is the distance 
between the molecules, wu is the polarizability of the molecules, v are 
the fundamental natural frequencies of the molecules, A is the Planck 
constant and Ar has its usual meaning. 
If the expression in parentheses is denoted by S, the total energy 
may be written as 
faa 2, 


r§ 
and the corresponding interaction force between the molecules as 
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The quantity S is always constant for a given kind of atoms. London 
indicates that the following approximate formula can be used for many 
Simple molecules: 


S= s hv a?, 


where Avo is the zero-point energy, which can be estimated from an 
experimentally determined formula for the optical dispersion of the gas; 
a is the polarizability of the molecules. 

London's theory is limited, as it breaks down either for very short 
distances between the atoms, when their own wave functions overlap, or 
for distances considerably larger than all the absorption or emission 
wavelengths of the given atom, when electromagnetic retardation must be 
taken into account. 

Flectromagnetic retardation was included in the theory of Casimir and 
Polder, which takes into account both electrostatic interaction and the 
interaction of the atomic radiation fields. According to their theory, the 
energy for distances larger than the absorption wavelength is inversely 
proportional to the seventh power of the distance, and consequently the 
forces are inversely proportional to its eighth power. 


§ 2. MOLECULAR ATTRACTION FORCES 
BETWEEN SOLIDS 


Molecular attraction forces between solids were directly measured 
for the first time by Deryagin and Abrikosov /14/. Later, Lifshits set up 
a rigorous theory of the molecular interaction of macroscopic bodies /6, 7, 
8/, based on electrical fluctuations /9, 10/, 

The essence of this theory is as follows. Random elementary sources 
distributed throughout the body's volume create an electromagnetic field 
and a quasistationary field which rapidly diminishes with distance. Within 
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the body these fields are mixed, but outside the body in the surrounding 
nonabsorbing environment, the fluctuating field of the near zone and the 
fluctuating radiation are easily distinguished. 

The combined elementary wave fields give the radiation of the body, 
i.e., the total wave field. The elementary quasistationary fields do not 
produce an energy flux, but form an overall quasistationary field which 
rapidly diminishes with increasing distance from the body surface. 
Electrical fluctuations enable the thermal electromagnetic field to be found 
near the surface and, in particular, in the space separating two bodies. 

The corresponding components of Maxwell's stress tensor can be 
calculated to determine the ponderomotive interaction forces of bodies in 
a fluctuating electromagnetic field; in other words, an expression is found 
for the molecular attraction force F per unit surface. Such an expression 
should automatically allow for the dominance of the quasistationary thermal 
field over small distances and, conversely, the dominance of the wave field, 
i.e., of electromagnetic retardation effects over large distances. At low 
temperatures, a scale for these distances comprises the wavelengths which 
are most intensely absorbed by the body. 

The formulas obtained by Lifshits for the two limiting cases are as 
follows. For a small distance, i.e., when the distance H is smaller than 
4 (the fundamental wavelength in the absorption spectrum of the given body), 


_ ob e (E) +- 1 \2 
i 8213 J (ei) as, (2.1) 


where & is Planck's constant (f=h/2n), e(w) is the complex dielectric 
constant of the substance as a function of frequency; (2.1) involves values 
of this function for imaginary values w=iE. 

For a large distance (H>A)* 


he mm? /fe&,—1\2 
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where € is the dielectric constant of the substance, and g(eo) is the function 
shown in Figure 2.1. 

The macroscopic interaction theory of solid media, developed by Lifshits 
for two bodies separated by a nonabsorbing medium, was further developed 
by Dzyaloshinskii, Lifshits, and Pitaevskii /39/ for an absorbing medium. 
For the above limiting cases, the dependence of the interaction energy and 
the molecular forces on the distance between the bodies has the same 
character as for a nonabsorbing medium between the two bodies. 

The formulas for the attraction of macroscopic bodies, obtained by 
summing the interactions of the individual molecules, and the formulas 
obtained from a rigorous macroscopic theory, differ only by a constant. 

In the first method, the constant is determined by parameters characterizing 
individual atoms or molecules, and in the second it is the electrodynamical 
parameters characterizing the medium of interacting bodies as a whole 
which determine the constant. This agreement exists both when the 


* This condition was later defined more accurately /8/; the formula usually remains correct when the 
effect of temperature is taken into account within the limits 5y S>A >> 0.51. 
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retardation effect for relatively small distances (H<i) is neglected, and for 
large distances when it is taken into account. 

For the molecular force between two bodies distance H apart, both 
methods yield 


A 
P= Fa (2.3) 
where A is a constant; ” = 3 forA<H and n=4 for A>H. 

Abrikosov /11/ found that the values of the constants in the two formulas 
may differ by several orders of magnitude. 

Since the summation method and the macroscopic theory yield the same 
type of relationships for the molecular forces, a permissible approximation 
for the above limiting cases of solids (whenthe additivity ofthe interactions 
of individual molecules no longer holds) is that the interaction fields 
of the individual elementary volumes, each of which already possesses 
the properties of a solid medium, can be integrated. 

This approach has already enabled a number of important practical 
problems to be solved. It will be shown below that the results thus obtained 

agree both qualitatively and quantitatively 
pled) with experimental data. 
10 In most cases, the constants in the 
formulas cannot yet be determined 
numerically on the basis of electrical 
fluctuation theory, since they do not involve 
optical indexes, but can be expressed 
approximately in terms of the coefficients 
of surface tension. For this any problem 
must be solved by two methods. One 
method would express the constants in 
terms of the surface energy of the body. 
Such a problem could be to determine the 
capillary tension arising when the bounding 
surface is curved /12/, or the energy 
change of a body after its fracture /13/. 

Another method of directly determining 
the constants could be an experimental one. 
The molecular forces between a quartz plate 
and a quartz sphere were first measured 
directly by Deryagin and Abrikosov /14/. There was good agreement 
between experimental values of the molecular force F and those calculated 
by formula (2.2). 

When calculating the constants for the interaction of a fluid with a solid, 
one can use experimental data on polymolecular adsorption on flat surfaces 
or disjoining pressure isotherms. 

The application of this method to determine molecular interactions does 
not affect the rigorousness of the hydromechanical theory of thin layers, 
whose development does not depend on the form of the expression for the 
molecular forces. 


FIGURE 2.1. @(€) as a function of the 
dielectric constant €, of the substance. 
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§ 3. ENERGY AND FORCES OF MOLECULAR 
INTERACTION BETWEEN ELEMENTARY VOLUMES 
USING A MACROSCOPIC APPROACH 


It is assumed that a simple summation of the interactions between the 
elementary volumes comprising a solid is permissible. Consider an 
elementary volume dw=dxdydz of a solid medium / situated a distance x 
from the surface of another solid medium KX (Figure 2.2), in which we 
consider an elementary volume dv=rdgrsingdédr. The interaction energy 
between dw and dv is assumed to be 


U,.=— dw. (2.4) 
The interaction energy between K and dw is then given by 


m/2 x/2 roe) 


dU, .=48,,dw | | { In? de dOdr, 


yim —2) 
dD ¥/COS ¢ 


which yields 


__ 2NS,_,dax dy dz 
(m — 3) (m —2) x("-89) | 


au,» = 


resin 
SP 4 rsing 78 


Z 


FIGURE 2.2. Diagram for calculating the 
molecular forces. 


. The interaction energy between K and an element of / with unit base area 
in the plane OZY and height dx is 


Eel 2USp_;ax . (2 5 
dzdy (m — 3) (m — 2) x(™-3) ac 
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Were the medium K to have finite thickness h=x,—%x,, (2.5) would be 


replaced by 


(sn — 3) (m — 2) xen?) eure) 


WU 5-1 = LS (gem — pen) (2.6) 


The interaction energy between two bodies K and / distance H apart is 
given by the expression 


Ux _)= | aU: si 
H 


With the help of (2.5), this yields 


eee 2mSp_ 7 
UK (m — 4) (m — 3) (m —2) Hi"™-9) (2.7) 


The force F. per unit surface of the bodies is found to be 


dU 2S, ! (2.8) 


A comparison of formulas (2.7) and (2.3) indicates that 


m=n+3 (2.9) 
and 
it 
Sp = AG Aes (2.10) 


Using (2.9) and (2.10), expression (2.4) for the interaction energy of dw 


and dv is 


U,_,»~=— Ae Ab gy ay. (2.11) 


Onrl* +3) 


The attraction force between these elements is then: 


dUp_y _ n(n-+-1) (n+ 3) Ap_ 
feat ean "(77 R=! dw dv. (2,12) 


For the two above mentioned limiting values of the distance, correspond- 
ing to n=3 and n=4, we have the following results: 


U,_.=— oAb=t dw do, (2.13) 
for n=3 7 sae EY de (2.14) 
Uy-1= ~ St! dwav, (2.15) 
~_ to Ae dw dv. (2.16) 
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Expressions (2.5) and (2.6) can now be rewritten as follows: 


dU _, = — Fee! dx, (2.17) 

which yields 
for n=3 dU$_,=——#dx, (2,18) 
forn=4 dU}_;=—tt dx; (2.19) 

and 
dUi-1= Ani (33 — 3a) ax, (2.20) 
xy OY 
which yields 
for n= 3 dUp-; = Ag_ (5 — 53) ax 
! 


for n=4 ge 4= Ae. -(3— 


Consider the case of a thin fluid layer K separating two bodies /, at the 
surfaces of which exist either a hydration envelope, or a layer of adsorbed 
molecules of surface-active substances facing the fluid K. This envelope 
will be denoted by the letter C and its thickness by a (Figure 2.3). 


FIGURE 2.3. Diagram for cal- 
culating the molecular forces 
for symmetric films in the 
presence of boundary phases. 


When the distance between the bodies is increased by dH, the variation 
in the potential energy of the system (referred to unit area of the layer) can 
be determined, for example, as a function of the potential energy of the 
medium contained in elementary volumes of the spaces 1, 2, 3, and 4. 

Applying formula (2.18) to all the elementary volumes, we find 


Anc+A4,,—24 +A,,—2A 2(Anp — Ape t+ 4p —A 
dU yn =| cc 73 KK Ch ( CK CC IC 


cr eel a, a Ao «| aed. (2.21) 
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With the notation* 


Acc 2 a Ay [-o 2Ac; a Zep 


Aco t+ Aggy — 2AcK = ck: (2,22) 
Ay + Any — 2Ag, = 2xp 
we find from (2.21) that 
dU. l py pO ee SD? 
Bey 2s a FOR SKI ORK = Cr. 
FP = Fe (Bey a (1 — 2a/H)’ (l—a/HP ¢ (2.23) 


If the film is not on the boundary of a solid, but on a gas (free 
films), then the index / can be omitted and we have 


Zep = 2e, 2, = 2. 


Expression (2.23) then assumes the form 


b} 3 tp — Bayt 
EG C CK | K CK C 
=(7 (H — 2a) H — ay ). (2.24) 


Consider now the asymmetric case, when the film borders on a solid 
on one side and a gas on the other (Figure 2.4); we will assume that 
a layer C only exists at the boundary of the layer K with the body /. 


FIGURE 2.4. Diagram for calculating the FIGURE 2.5. Diagram for 


calculating the molecular 
forces in the presence of two 
boundary phases. 


molecular forces for asymmetric films in 
the presence of boundary phases. 


By analogy with the above case, (2.24) is replaced by an expression 
accounting for the presence of C: 


A, —A 
Fe —| KER + (Acy Ace (Grae — 7) (2,25) 


With the notation: 
Axr— Age =Akp (2.26) 


Ack — Axx =Axeo 


* The relationship between these quantities and the surface tension ocr, Ocx, Ox1 Will be determined below. 


7] 


this yields 


A 
F=— a5 [Mer —Anco + qa] oD 
Consider now the case of an adsorption (or hydration) layer not only at 
the boundary of the fluid film with the body which it covers, but also at the 


bounding surface between the fluid and the gas (Figure 2.5). 
In this case, dU,,..(H)takes the form 


A.A PA A AD tN. Meo A OA 
— —|_Cl "CC + "ce CK KI Ci __ CC 0 KK CK 2.28 


In terms of A and 3, we find 


A l | l 
ae KI eee Se a ee 2.29 
al (H —a)3 +Acr (ap - Aa.) +See (aq a)§ —" ( ) 
or 


1 


P= —75 [Aer (di — 


Taam + 3ci(1 ~qaaage) + ce (Gam Woe) 
(2.30) 


§ 4. USE OF SURFACE-TENSION COEFFICIENTS IN 
THE EXPRESSION FOR THE MOLECULAR 
ATTRACTION FORCES 


It was mentioned above that the quantities A in the formulas for the long- 
range molecular forces can be expressed approximately in terms of the 
surface-tension coefficients. 

Equating the change in potential energy of the molecular interaction 
between K and / when moved an infinite distance apart to the change in the 
free energy, and referring all these quantities to unit area, we may write 


— On, = Ox + 9; — Oxy. (2.31) 


From formula (2.18) this gives 


CA A 
On, =— | “#ax=— 567° (2.32) 
3 


Here, as before, 6 is an integration limit which is chosen so that the 
result of calculating the energy by integration does not differ from that 
obtained by the more correct method of summing the energies of the 
individual elementary volumes occupied by molecules in the solid state. 
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Substituting the value of Ux; from (2.32) in (2.31), we obtain 
Ag, = 28 (64 + 0, — Ox;). (2.33) 
If both parts of the body are identical and consist of the medium K or 7, 


then taking into account that oxx=o,;=0, and replacing o; by ox in the first 
case and ox by o; in the second, we have 


Ag = 40°6x, A,, = 45°o,. (2.34) 


The values obtained for 4 are now substituted in (2.22) and (2.26) to yield 


Di = 4 ox) 

Nicr = 4°5¢y, eee) 
dick = WOK: 
i a (2,36) 
Age = 28° AGxc, 


where Aox:=01-—Ox—0Ox; is the spreading coefficient of the fluid K over the 
surface of /, and Aoxce is the spreading coefficient of this fluid over the 
layer of adsorbed molecules, or over a hydration layer consisting of the 
same molecules as the fluid K. 

Using the expressions for 2 and A, we can write formula (2.23) for the 
molecular interaction force when the layer separates two identical bodies. 
This has the form 


4\2 0.,—9 
CK Cc] 
P= [ocr + Sa + aI: (2.37) 


If there is no layer of adsorbed surface-active substances or a hydration 
envelope, then 
46°20 


Fo=—*'. (2.38) 


Since the surface tension o is always positive, molecular attraction 
forces always exist between identical bodies at any distance apart. 
For asymmetric films formula (2.27) is replaced by 


Z 


Ao 
Fae Gr [Noy ~ Boge +See |. (2.39) 


In the absence of a hydration or adsorption layer of molecules of surface- 
active substances, 


It thus follows that the molecular forces may be both positive and 
negative in the asymmetric case. 
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§ 5. IONIC-ELECTROSTATIC FIELD AT BOUNDING 
SURFACES IN ELECTROLYTE SOLUTIONS 


The electrostatic field in an electrolyte solution in the presence ofa 
charge at the interface between two phases is such that the field intensity 
near the bounding surface depends on the charge density distribution in 
the solution. This in turn is a function of the distribution of positive and 
negative ions near the bounding surface, 

The distribution of ions at a charged surface is determined by two 
factors. First, the charge at the interface induces ions of the opposite 
sign to form a Helmholtz double layer, beyond which there is no electric 
field; secondly, thermal motion interferes with the external surface of the 
double layer, dispersing the ions and creating a distinctive ion cloud near 
the bounding surfaces, 

A theory of the diffusion double layer, with due allowance for these two 
factors, was set up by Gouy /15/ and Chapman /27/, This theory is based 
on a Poisson equation, relating the field potential », charge density p and 
dielectric constant D: 


Ap= — % 9, (2.41) 


and the equation for a diffuse ion distribution near the bounding surface in 
the presence of thermal motion and an electric field. The latter equation 
can be obtained, for example, from the condition that the chemical potential 
for molecules (ions) of the solute has a definite value when the system is in 
thermodynamic equilibrium. 

In earlier works /15—18 etc. / the same law was taken for the ion 
distribution in a solution as for the distribution of gas molecules in an 
external field, i.e., disregarding the influence of the medium. 

For the chemical potential of the molecules (ions) of a solute in an 
external field one may write /19/ 


w= kTinc+x(p, T)+Uya(x, y. Z)= const. (2.42) 


a 


Here lm where n,and ngare respectively the numbers of molecules 


in the solute and solvent of the solution; x is a function of only pressure 
and temperature; U., is the potential energy due to external fields. 

If (2.42) is differentiated along the normal x to the interface and the 
condition of thermodynamic equilibrium is that T is constant, then under 


OU ex pa OU ex 


Fee Tr =0Q, we find 


the assumption that 


kT dc ox, dp dU ex 
ade op ae ae (2.43) 
The thermodynamic potential of a solution is expressed by /19/ 
Dyoy= Melo (P) T) + ngkT In-Tee + ax (P, 7) (2.44) 
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where e is the base of natural logarithms, Taking into account the relation 
Oo, . | 
(2) = Vos where V,,, is the volume of the solution, we find that 
V =—_/f1 Mas i OK 
sol Bp Op a Op : 


Hence, oe is the solute volume per molecule and is denoted by va. The 


To find p(x) we use the equilibrium condition ,=const for the solvent 
molecules. 
The chemical potential of the solvent for dilute solutions is /19/ 


tg== My — kT c = const, (2.45) 
and consequently 

au du 

ie ae —AT = 0, (2.46) 


where po is the chemical potential of the pure solvent. 
The differential of the chemical potential po in the presence of an external 
field is /20/ 


dy = —SdT + v,dp+ dU, (2.47) 
and when T=const 


d dU 
Hs ug, P+ SP. (2.48) 


Substituting (2.48) in (2.46), we have 


<P 4. 2's _ ef =O. (2.49) 


Vaden 


if <2 is substituted from (2.49) in (2.43) 


kT Ua dc _ ds Va Wa _¢ 
(= +2 AT) 7 dx a , t dx dx 0. (2.50) 


The second term in parentheses may be neglected if C< 8, which is the 


case in dilute solutions (where -c<1). If we ignore the van der Waals 
interaction energy between ions in the solution and the body on which the 


electrolyte solution borders, * and assume <p = 0 in the presence of an 


electric field, equation (2.50) reduces to 


kT de dU 
era ae ae 


=(. (2.51) 


* Formula (2.18) gives this energy as U, = 4 Uo: 
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The energy of ions in an electric field is 
U = + ez, (2.52) 


where é is the electron charge, z; is the electrovalence of the ion and > is 
the field potential. 

Using (2.52) and the fact that x=oo at p=0, and that the ion concentration 
equals the volume concentration ¢;, we find directly from (2.51) 


Int = + SP, or ¢, =e exp (+ ae. (2.53) 


The charge density pi of ions of a given valence at any point in the 
solution is 


p= £ 1,2,2, (2.54) 


where n; is the number of ions of the given valence per unit volume of the 
solution. 


Since a (2.54) may be written as 


The total charge density of ions of the first and second types in a binary 
electrolyte is 


P =P, + Po = Mg (Co%) — C2). 


With the aid of expression (2.53), this takes the form 


p= Nge | 210 exp (— FP.) — zc, exp (“S*)]. (2.55) 
Since Cy, = cn and Ca Te we may express the charge density as 
p= e [Zant exp (— ae | — 23M exp(S*)]. (2.56) 


From the electric neutrality conditions for the molecules of the solute 
we have 2jM,=2Z:Mo, in which case (2.56) reduces to 


CZ oY 


p= €2 Mo, |exp (— a, )— exp (“Ze")| = ezate [exp (— ar) — exp (SII. (2.57) 


The numbers of ions ny and ny». can be expressed in terms of the solution 
concentration y (in g-moles) and the coefficients of dissociation R,; and R. 
The number nz, of molecules per cm? of solution is 


n_ = yN. (2.58) 
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In molecular dissociation with the formation of ny. and no ions per cm? 
of solution, the number of molecules may also be given by 


| aid eae s (2.5 9) 
Expressions (2.58) and (2,59) yield 
My =VRN and ty =YVRN. (2.60) 


Substituting the values of o from (2.57) in (2.41), we derive* 


Ay = + [exp (¥oz) — exp (— poz,)], (2.61) 


where 


8 
a== > eRz,yN = eRzyN, b=. (2.62) 


For a one-dimensional electrostatic field near a plane bounding surface, 
(2.61) becomes 


cae = [EXP @d¥) — exp (— z,6¥)] (2.63) 


ax 


This equation for the electric potential is usually used /17, 18, 21/ to 
calculate the interaction of two charged surfaces in electrolyte solutions. 
In deriving equation (2.63), we neglected the energy of polar solvent 
molecules in an electric field, and the van der Waals interaction energy 

between ions in an electrolyte solution and its environment. 


§ 6. INTERACTION OF IDENTICALLY CHARGED 
PARTICLES 


The ionic-electrostatic interaction theory of two identically charged 
surfaces in an electrolyte solution was first derived by Deryagin while 
investigating the stability of lyophobic 
colloids /22, 37, 38/ and ina joint 
work with Landau /17/. The 
interaction of differently charged 
surfaces was studied in /18, 21/ using 
equation (2.63), There are also other 
treatments of this subject /23—25, etc. /. 

When considering the interaction of 
two surfaces distance H apart 
FIGURE 2.6. lIonic-electrostatic potential near (Figure 2.6), one must account for 
closely spaced surfaces. both the Maxwell forces, resulting 

from the varying density of the electric 
field energy in the direction x, and the osmotic pressure, -resulting from 
the nonuniform ion distribution near bounding surfaces. 


* The dielectric constant is assumed constant throughout the whole volume, and consequently the orientation 
of dipolar molecules in an electric field is also ignored in this equation. 
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The Maxwell forces f,, are equal to the volumetric density W of the 
electric field energy: 


L=W= DE? (2.64) 


8x’ 


where E=— 2 is the field intensity. 


The osmotic pressure differential for a gradual variation of the 
concentration of ions in thermodynamic equilibrium is given by 


AD om = kTd(> n;), (2.65) 


where n; is the number of ions per unit volume of solution. 
The following expression gives the interaction force per unit area, /,, 
between two plates: 


P= CF sour Mig) 2 3 Pi out Posm in)* (2 -66 ) 


The subscript ''in" refers to the space between the plates, and "out" 
refers to the bulk electrolyte. 
Consider the osmotic pressure and Maxwell forces on the planes 


Al 


x= and x= +46, i.e., at the inner and outer surfaces (these planes 


pass through the electrolyte), and assume the following boundary condition 
at the surface of the plates*: 


Y= yp, = const, 


which also corresponds to a constant ion concentration over all the faces 
of the plates. Expression (2.66) is then replaced by 


Pi =ly — f, . (2.67) 


out Min 


With the help of (2.64) this becomes 


P= 2 (eu 6)= 2, [ay —(28)"] (2.68) 


Deryagin bases his treatment of the ionic-electrostatic interaction of 
charged surfaces onthis expression. 
For the planes x=0 and x=oo, where $¢=0 and £,=,=0, (2.66) has the 


form 


P; = Posmout~ Posm in‘ (2 .69 ) 
Using (2.65) we obtain 
P=RT (My —2,,); (2.70) 


* Childs /26/ shows that even for the interaction of such dielectrics as, for example, .particles of mont- 
morilionite clay, the difference Av, in the potential (see Figure 2.6) between the inner and outer plates 
is small. 
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where nm is the number of ions of both signs per unit solution volume at the 
point x=0, and n. is the corresponding number at x=oo. 

Equation (2.63) and formula (2.66), (2.68) or (2.70) do not generally yield 
an explicit relation between the force /#,and the distance H. Two relations 
in parametric form of the type P,(~o) and H(yo) when using (2.68), or #,(po) 
and yo(o)when using (2.70), can be determined. NHowever, in special cases 
one can sometimes establish a direct dependence /&, (#). 

Consider a symmetric electrolyte for a high surface potential (y>100 mv), 
and a small value of H compared with the thickness d of the ion cloud*. 

The equilibrium conditions of the system under consideration are 


== Yeo» (2.75) 
b= we, (2.76) 


where up, and pi are the bulk chemical potentials of the solvent and solute; 
»,and p’ are the chemical potentials of the solvent and solute in the layer, 
with allowance for the presSure variation there due to an external load 
restoring equality between the chemical potentials of the solute and solvent 


in the layer and the bulk (Figure 2.7). 

When the thermodynamic equilibrium conditions (2.75) and (2.76) are 
both taken into account, it is expedient to choose planes inside and outside 
the layer so that the Maxwell forces Aj,,in the expression 


F = Aft AP om (2.77) 


vanish. 


* The size d of the Debye ion cloud is given by the well-known formula /16/ 


] { DkT 
Ae Tne*S2,ny"’ (2.71) 


where, as above, no; is the numerical concentration of ions in the bulk electrolyte. 
In the case of a binary monovalent electrolyte (for example HCl, NaCl) we obtain 


dar/ Pe. (2.72) 
8e2Ny 


If instead of the numerical concentration we take the concentration in g-moles per cm*, then since 


DkT 
a= V Sneiny’ (2.73) 


For the concentration in g-equiv per cm’, Ceq where 


n 
y= + we obtain 


Ceg= Riz, = Ro Z9y, 


7 / DkT 
d= eee eae ‘ 
8ne*Neeg eat 
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(2.72) is replaced by 


Ff For equally charged particles, suitable 
planes are the symmetry plane inside the 
1 ¢ ) ; layer, and a plane outside the layer beyond 
Hf Mvitc Mote the extremities of the ion clouds. The Maxwell 
T waren forces vanish for both these planes, since 
here 


FIGURE 2.7. Diagram of particles 
separated by an electrolyte layer. on ae (2.78) 


where y is the potential. 
Expression (2.77) then becomes 


SP = ND oom (2.79) 


or in accordance with expression (2.70), which follows from condition (2.75), 


AD em = RT (19 — 1)» (2.80) 


where & is the Boltzmann constant; 7 is the absolute temperature; np is the 
number of ions per cm? of the solute at the place where condition (2.78) is 
satisfied on the layer separating the surfaces; no is the number of ions per 
cm? in the solute in the fluid bulk. 

The quantity n) is found from (2.76). For the chemical potential pn. in 
the bulk of the solute we may write (following (2.42)) 


w= AT Ine +% (Po T). (2.81) 


For the chemical potential », halfway between the surfaces, where the 
solute is in the electric field of the charged surfaces, the following is valid 
for the case under consideration (2;=22=2): 


po = kT Iney+x(P» T) E2he, (2.82) 


where % is the potential of the electric double layer halfway between the 
surfaces, and e is the electron charge. 

Assuming the pressure difference po—p.=Apom to be small, we may 
expand x(po, T) as a power-series in Ap and retain only the first two terms: 


% (Por T)= (P+ T) + APosm 5. (2.83) 
As before (§ 5), we put 


_—e (2.84) 


Using (2.81)— (2.84), condition (2.76) can be expressed in the form 


RT Ine, X (Door T) = RT In co +x (Door T) + AD orMe = CZ Yo, (2.85) 
whence 
c — APosm¥a £ CZ 
oa, (2.86) 
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. 7 ‘ ng pa’ 
Since for dilute solutions a =1, we may replace (2.86) by 


Ny =n, exp(+ Fr) exp (—Szente) (2,87) 


Hence, expression (2.80) is now 


(2.88) 


A Dosm = kT 2, exp (+ a) exp (—sZesn? a) — 1] ; 


the value of exp (FF) is found by solving equation (2.63) for a symmetric 
electrolyte (z7=2z,=2z): 


d2 

Sr =F lexp (zy) — exp (—zoy)}, (2.89) 
where 

b=s> and a= eng. (2.90) 


We denote zby by 1p’ and introduce a new variable 


Bae (2.91) 


2 2 
where x=Z=V one He is the reciprocal of the ion cloud thickness. 


Equation (2.89) now assumes the form 


dry’ 


2H = exp (h’) — exp (—y)). 2.08) 


When y’>1, which is the case for a sufficiently small layer thickness H, 
one may retain in equation (2.88) and (2.92) only terms which depend on 
counter ions, i.e., we may neglect exp (—y’). Equation (2.92) then reduces 
to 


ay r 
2 ~ar = exp (P). (2.93) 


Multiplying both sides of (2.93) by 2 de and integrating, we obtain 


(S-) = exp) +C,. (2.94) 


The integration constant C, is determined from the following conditions: 


when x=0, = =0 and p’=yi; hence C,=—exp(p). (2.95) 


Thus 


A = Vex (¥)— exp (%) (2.96) 


8 | 


or, separating the variables, 


ave dé. (2.97) 


V exp (w’) — exp (p) = 


This may be integrated to yield 


/ 


—E—2exp = %) arctg [exp (\’ — bo) — 1y°+C). (2.98) 


When x= Sy =¥, and §=,; hence 


/ 


¥ 7 / t} 
C,=&,—2exp e a arctg [exp (P| — >) — oi (2.99) 
At x=0, we require yp’=, and for pir>po>! 
arctg [exp (¥; —HJ—1J* >. 


With these assumptions, the solution is 


H / 
5 = exp(— 2) (2.100) 


The value of x may be substituted from the expression x=, so that 


‘1 _2DkT 
x2 ~— 8ne2n,z? ’ 
and from (2.100) 
m? - A1?8ne?nyoz? 
exp (0) 4DkT (2.101) 
whence 
; ez tDkT 
exp (0) = exp ( a ~ DAtein,z? (2.102) 


For the case under consideration, »;/=>y,;>>1 and we may neglect unity 


CZWo 


in (2,88). Substituting the value of exp 77 in (2.88), the following is 


derived: 
4 kT \2 AP os i. 
Mem== 5 D (yz) exp(— Ponte), (2.103) 


A ; 
If the value of ome is small and z=}, (2.103) reduces to the equation 


obtained by Langmuir /28/: 


Pom =F, = 5 (Fe) (2.104) 
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This follows from the general solution of Deryagin and Landau /17/ for 
z,=2,, where z, and z are the electrovalences of the primary and secondary 
ions. 
Deryagin obtained the following formula for comparatively large values 
of H, a symmetric electrolyte with z,=z,=z, and n=n=n: 
H 


P= 64ynkTe 4. (2,105) 


For weakly charged surfaces Deryagin /22/ used the simplified equation 


Ove = (2,106) 


en(Z a) Daw (2a) (2.107) 


where go is the charge per unit interface. * 


§ 7. IONIC-ELECTROSTATIC INTERACTION OF 
UNLIKE PARTICLES IN ELECTROLYTE SOLUTIONS** 


The surface charge should differ for unlike particles. Consider first 
the interaction of particles with plane-parallel surfaces, which are separated 
by a layer of binary electrolyte solution of thickness H. One of the surfaces 
is charged to a potential y: and the second to y.>y,. As above, the potential 
in the electrolyte solution is assumed to satisfy the equation 


ot = 5 fexp (2,6) — exp (—z2by)], (2.109) 


dx? 


where b=, e is the electron charge, k is the Boltzmann constant, T is 


the absolute temperature, z, and z are the electrovalences of the anion and 
cation: 


8x 87 80 
a= > eNc = 7 ez, RNY = 77) ez,R,Ny, 


* The surface charge density is related to the potential by 


o= (5) (2.108) 
4n \ dx Orr 


which follows directly from equation (2.41) and the assumption that the surface charge is completely 
compensated by an opposite charge in the Got layer, including half the layer between the plates. This 
assumption is not rigorous, but a possible error due to unequal potentials on the two sides of the plates is 
insignificant /25/. 

** This section is based on the works of Deryagin and Levich /18/ and Deryagin /21/. 
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where D is the dielectric constant, N is Avogadro's number, c is the 
concentration in g-equiv per em’, y is the concentration in g-moles per cm*, 
R; and R2 are the coefficients of dissociation. 
In terms of the parameter p= <2 and the dimensionless variables ph’ =2z,by 
l 


and b=, where d is the dimension of the ion cloud, equation (2.109) 


assumes the form 


cS = [exp (y’) — exp (— By’). (2.110) 


The first integral of this equation is 
. / l / 
(-S-) =exp (+5 exp (— By’) —C. (2,111) 


If we assume equal electrolyte concentrations on particle-particle and 
particle-bulk fluid interfaces, * then the particle interactions can be 
determined from the ponderomotive force by the formula 


P=~ |B} Eil= LILES (gon) (2.112) 


@\ 


where EF, and £, are the electric forces respectively on the outer and inner 
surfaces of the particles; Cy and C are the integration constants in the bulk 
and the layer separating the particles. 


For the bulk: at E=oo »p’=0 and 3 =, and so it follows from equation 
(2.111) that C=1+7. 
With this value replacing C,in (2.112), we have 


_ RTINe (pn, _ 1 2.11 
pai (c 1 =) (2,113) 
or 
p= SIN W, (2.114) 
} 
where 
w =(c—1—2). (2.115) 


The value of C in equations (2.111) and (2.115) should be chosen such that 
the difference in the coordinates x,—x,=d(&—£) is equal to the distance H 
between the surfaces. The corresponding potentials of the two surfaces are 
~, =,/2,6 and , =p,/z,b. 

The interaction of unequally charged particles when the distance between 
them varies is now investigated. For known particle interactions P, the 


* With this assumption and the same potential p over all the particle surfaces, the condition p’ = yj is not 
satisfied exactly, but the error (as follows from § 6) is usually insignificant. 
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value of W can be determined from formula (2.114). The integration 
constant C(P)is then found from (2.115). Hence, from (2.111), the equation 
of the isodynamic lines is derived in differential form. 

For W<0, the integration constant C is negative and the derivative 


ay’ ay’ 


“ge does not vanish for any values of »’. When w’=+o0, dé also equals 


infinity. 
For W’=0, the constant C=1 +4 has the Same value as in the bulk, and, 


consequently, the isodynamic line approaches the yj’ and & axes asymptoti- 
cally. 
For W>0, each isodynamic line has a minimum height y»’=y/, determined 


by 


which has one positive root. Each such isodynamic line is Symmetrical 
with respect to the ordinate axis , chosen through the minimum point, and 
asymptotically approaches parallel coordinate axes lying away from the 
axis of symmetry. 


W=-2 W-=-] 


FIGURE 2.8. Family of isodynamic lines. 


Figure 2.8 shows the family of isodynamic lines for some cases. 

The graph of W(h) (Figure 2.9, a) is obtained from the intersection of the 
isodynamic lines with the straight lines ),=q and bo= Ge, where q,and gq: 
are the potentials of the two surfaces, and A=§,—£. This graph is easily 
transformed into that of P(H)(Figure 2.9, b). 

For constant g2 and varying qi, Wmax remains constant; only the location 
of the maximum changes. Consequently, the maximum value of the ionic- 
electrostatic repulsion force (the height of the force barrier) depends only 
on the potential of the surface carrying the smaller charge. 
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Surface potentials of the same sign but different magnitudes are such 
that as the surfaces approach each other, the repulsion forces increase, 
reach a maximum, then decrease and finally change into attraction forces. 


FIGURE 2.9. W (A) and P(A). 


<p a b 


FIGURE 2.10. (H) for the attraction (a) and repulsion (b) of charged surfaces. 


For potentials of different signs, the dependence P(H) assumes the form 
shown in Figure 2.10,a, and for equal potentials of the same sign the form 
Shown in Figure 2.10,b. Inthe former case the surfaces attract, while in 
the latter they repel at any distance. 


§ 8. EFFECT OF SURFACE FORCES DURING 
GELATION 


The moisture in Soil pores is a multicomponent system containing water 
as a solvent, dissolved molecules and ions, as well as colloidal particles 
of various origins. The latter may possess a Surface charge, which causes 
diffuse ior clouds to form around the particle. The charge distribution over 
the surface may give the colloidal particle a general dipole moment. 

A study of gelation processes of sols and suspensions shows that gel 
formation may be due to the immobility of colloidal particles at compara- 
tively large distances under the action of long-range molecular and ionic- 
electrostatic forces /29/. Molecular forces between homogeneous particles 
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in any medium should always cause attraction /30, 31/.* lonic-electrostatic 
forces due to the deformation of ion clouds surrounding hcmogeneous 
particles cause repulsion /17, 21, 22/. 

If the attraction and repulsion forces between two colloidal particles are 
known, the overall potential curve has the form shown in Figure 2.11. 


U 
H 
FIGURE 2.11. Overall potential curve with a FIGURE 2.12. Potential curve for two 
minimum, for two colloidal particles far apart. molecules. 


The existence of a potential well at the point B implies that for some 
relaxation period the two particles could be fixed at a distance H apart. 

The section of the curve to the right of A is similar to the potential 
interaction curve between two molecules, which is shown in Figure 2.12, ** 
Thus, when considering gelation processes of colloidal solutions, one 

can find an analogy between the processes of molecules in a liquid trans - 
forming into a solid state, and colloidal particles changing from a sol into 
agel. If, under conditions of thermal motion, one considers the attraction 
and repulsion forces between colloidal particles instead of these forces 
between molecules of a solid, it is possible to determine the nature 

of shear elasticity, which is the main characteristic of a gelated system. 

The same kinetic representations can be used to consider sol flocculation 
and gel peptization. Inthe case of flocculation and syneresis, one should 
consider the potential barrier at A (Figure 2.11). As for the solution of 
solids, the peptization process is determined by the depth of the potential 
well. 

A study of colloidal particles inside a gel must account for the interaction 
not of an individual particle pair, but of their totality, which constitutes the 
quasicrystalline lattice of the gel. 

A similar approach must be had when studying such systems as foam 
and foamy emulsions. 

The mutual immobility of individual particles at distances corresponding 
to the position of the potential wells should also determine the minimum 
potential energy of the system as a whole.t However, for an Ene Cnty 


* In the case of unlike particles, mutual attraction and repulsion are possible, depending on the relation 
between the interaction energies of the three components of the system (particles and medium). 
** The existence of a maximum on the potential curve for colloidal particles (this is absent on the curve for 
molecules) indicates a possible relaxational character of the immobility of colloidal particles at a distagce 
H apart. aU 
{ This obviously means the minimum energy corresponding to the condition <=" =0Q. Consequently, 


the equilibrium state in question does not imply thermodynamic equilibrium, which is determined by the 
lowest possible energy level, and whose attainment may be temporarily impeded by a potential barrier. 
The latter decides the relaxational character of any further processes which determine the maturing of a 
gelated system. 


87 


reversible distortion of the system, the energy level of the system will 
rise, This implies the existence of external forces, according to the well- 
known relation between the work R of the external forces and the free 
energy F: 


dR=—=dF. (2.117) 


Shear deformations are in this case elastic, provided two conditions are 
satisfied simultaneously: a continuous rise in the free energy of the system 
over the whole deformation interval, 
and that the relaxation time of 
colloidal particles is far greater 
than the duration of the external 
effects. A breakdown of the first 
condition means a load excess over 
the shear strength of the system and 
would lead to irreversible plastic 
deformations, If the second 
condition is not observed, the elastic 
properties of the system would be 
concealed by its fluidity. 

When discussing the stability of 
colloidal solutions, one usually 
considers the interaction potential 
curves of two particles. For gelated 
systems one must take into account 
the collective interaction of the 
colloidal particles forming the gel 
lattice. As a first approximation 
we consider the potential curve for 
FIGURE 2.13. Overall potential energy (1) and re- a particle having two symmetrical 
sultant forces acting on the particle A (2) [w—well; neighbors (Figure 2.13). 
pe a: It follows from Figure 2.13 that 
the depth of the potential well, which 
determines particle immobility at 
the nodes of a quasicrystalline 
lattice, is considerably larger than 
for the interaction of two separate 
particles (Figure 2.11), In the 
latter case, the attraction forces 
had somewhere to exceed the 
repulsion forces for a well to be 
created. In the collective inter- 
action case, such a well will exist 
even if the repulsion forces 
everywhere exceed the attraction ones. The sum of such potential curves 
at large distances (Figure 2.14) yields a curve with a clearly pronounced 
potential well. 

Such wells may cause the mutual immobility of particles only within 
a finite volume of the medium and in the presence of the minimum necesSary 
2oncentration of the dispersed phase (which indirectly leaves unaltered the well 


FIGURE 2.14. Total potential-energy curve with 
a clearly pronounced well. 
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dimensions and sodoes not interfere with the immobility of the particles ). * 

If the medium is unbounded, or the concentration in a bounded medium 
is less than required, gelation is possible only in the presence of potential 
wells with negative energy (Figure 2.11) and will be local (flocculation and 
formation of tactoid structures ), 

On the basis of the curves in Figure 2.13 one can also obtain anexpression 
for the particle relaxation times, characterizing the aging of the system. 

The equation of the potential-energy curve U in Figure 2.13 will have 
the form 


U=U,, +U,, +, + U;,", (2.118) 
I 1 ] 1 


where the subscripts m, and m; indicate the molecular component and i, and 
i, the ionic-electrostatic component of the interaction energy of the particle 
with its neighbors. 

In general, the ionic components cannot be directly expressed as a 
function of the coordinate x and are written in parametric form. 

However, for the particular case of small distances between the particles, 
H<d, where d is the thickness of the ion clouds, ** the expression for U; 


assumes the simple form JU; = and the molecular component U,, can be 


expressed by U,=— 48, where A; and A,, are constants. 


If UjxzuU,, the depth AU of the potential well is 


AU = U 
where 
A A; 
i i a 
b H- H, 


The constant A,, depends on the form of the adjacent surfaces /36/ and 

on the thickness of the interacting particles, whereas the ionic constant 4; 
has in practice no such dependence, 

I ai Consider, for example, the interaction of 


, two plates K and K’ immersed in an electrolyte 
VV 
YM EDLY K'Z solution (Figure 2.15). 


, APAOL: 
JLILLLLLL Using the macroscopic theory of molecular 


rz interaction of solids /33/ and assuming 
that the interactions of individual elementary 


H 

volumes possessing the properties of a solid 
 § YY, if medium are additive, the interaction energy 
p of an elementary volume dv (unit base area and 


height dx) with a plate K of thickness 6 is 


Zo 


FIGURE 2.15. Diagram of the inter- 
action of two plates. 


U= Alaa ~ 5, | dx, 


* An example of such a system are hydrosols (artificial latexes), studied by Hamilton and Hamm /32/ with 
the aid of an electron microscope. They showed the existence, under certain conditions, of a hexagonal 
crystalline lattice for particles situated far apart. 

** This case is the most interesting, since the maximum of the potential barrier is situated at a small 
distance H, corresponding to the condition H<d. 
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When this expression is integrated from x=Hto *«=H+6, the interaction 
energy between the plates K and K’ per unit area is 


U Ay 2 l ] (2.119) 


=? —_——eo—oooeeneen eee 


(H+ 6)? AP (AF + 26)? J 


The notation =k transforms equation (2.119) into 


A 


Ses LM | (ee ee TD 2.120 
2H? eat aeone |: ( 


U = 


The case §6=oo corresponds to the interaction of two half-spaces distance 
H apart: 


A 
U,, = — oyF 
Hence, 
U 2 ] 
U | ape te 


The function A (h) is plotted in Figure 2.16, where it is seen that the 


influence of particle thickness on the interaction energy is insignificant only 
for particles at small distances apart 
(the order of 107" of their thickness). 
For distances of the same order as 

the particle sizes, the molecular 
component of the interaction energy 

iS approximately half the maximum 
value. It follows that for lamellar 
particles, the energy barriers 
hindering their approach will be higher 
and the potential wells deeper.* This 


ae J MW kad should obviously determine the strong 
immobility of lamellar particles and 
FIGURE 2.16. a as a function of k. their high resistance to adhesion in 


comparison with spherical particles. 
The above considerations can be 

illustrated by the following. For small distances between the particles, 

the constants A; and A,, canbe determined approximately from the expressions 


A; = < D (=) and A, = — Cf?o,,, 


<e 


where D is the dielectric constant of the medium, 2z is the electrovalence of 
the counter ion, e is the electron charge, § is a constant of order close to 
unity, f represents the dimensions of the molecules of the colloidal-particle 
nucleus, on; is the surface tension at the particle-medium interface. 


* The minimum concentration for gelation will therefore depend on the shape and dimensions of the particles; 
it should be lower for lamellar particles than for spherical ones. 
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if D=80, &=1.38-10° erg-deg !, e =4.8-107' abs. esu, T= 
= 3,10? deg, z=1, B=3-10-* cm and o=5-10? erg-cm~?, the following 
yalues are obtained for the constants: A;~ 107§ and A,~ —5-107%, 
Consequently, the total interaction energy of the particles is 


~6 —13 
ioe m H He 1 ( -+ k)? + a opr | 


F yy 
Or, since k=F) 


pa [at (2.121) 


Figure 2.17 gives the potential curves (according to equation (2.21)) for 
adjacent particles of different dimensions. 
Expressions for the total potential energy when the adjacent particle 
surfaces are finite, or for near-spherical particles, can be obtained 
Similarly. These formulas should form 
the basis for calculating the relaxation 


p25 xii time of colloidal particles, so determining 
TG the system's aging kinetics. 
8<10 my The potential curves, as dependent on 
a6 the particle dimensions, imply that large 
a4 2 particles should be the nuclei of acceler- 
. ated particle aggregation. Consequently, 
02 oS increasing the polydispersity of a system 


should produce more intense aging. These 
0 10. 26040 60 GO #H conclusions are completely confirmed by 
experimental data. 

The elastic properties of gels and the 
possibility of these properties being 
concealed by the fluidity, can be studied 
by determining the settling time of the 
colloidal particles for either loose packing, or unoccupied sites in the 
quasicrystalline lattice. 

Consider the potential curves for some particle A of the system 
(Figure 2.18) for an adjoining unoccupied lattice site. The potential energy 
of A with respect to particles in rows 1 and 1'is represented by curve a. 
The energy of the same particle with respect to neighbors situated in row 0 
is represented by curve b. Summing both curves along a possible displace- 
ment path of A, we derive the curve c with a potential barrier of height AU, 
which should be taken into account when finding the relaxation period. If 
AU differs only slightly from k7, the elastic properties of the system will 
be concealed by the fluidity. * 

Figure 2.18 shows a system with a long-range order particle distribution, 
which may be absent, particularly in the case of polydispersity. However, 
in principle, particle interactions under definite conditions (given concen- 
tration and temperature) should be the same as in the above case. Elastic 
properties of both crystalline and amorphous bodies are similar. 


FIGURE 2.17. Potential curves for the 
interaction of plane particles of various 
thicknesses 6. 


* As in ordinary liquids, the shear elasticity, which is evident when a force is applied for a short period of 
time, is completely concealed in the case of prolonged loading /34, 13/. 
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FIGURE 2.18. Interaction potential curves of a 
particle in the presence of neighboring particles 
and an unoccupied lattice site. 


When the colloidal particles possess a dipole moment, the whole problem 
is complicated considerably, and has not yet been solved generally. 


§ 9. DISJOINING PRESSURE FOR APPROACHING 
PLANE SURFACES 


The interaction of particles in a liquid can be regarded as the effect of 
their mutual attraction and repulsion forces. Analogous results may also 
be obtained by a different approach, i.e., by comparing the equilibrium 
conditions of a liquid enclosed between the particles and the bulk liquid. 

This gives rise to the wedge effect of thin liquid layers, a concept 
introduced by Deryagin. Consider two particles immersed in a liquid 

(Figure 2.19). If we do not apply an external load 
g (positive or negative) to the surface of the 
7 particles, they begin to approach each other or move 


y cH further apart. However, the liquid should then 

; LL, either flow out from, or into the volume between 
the particles. This indicates that the chemical 

. Saree potential p, of the liquid molecules in the thin 
layer separating the particles is not equal to the 


chemical potential p~. in the remaining part of the 
liquid, 

If the particles move further apart, then 
HWy<Ho; if they approach, then p,>p.. In the 
former case one may increase the chemical potential in the layer and equate 
it to po by applying an external load q toward the surface of the particles. 


FIGURE 2.19. Particles in a 
liquid. 


The magnitude of this load follows from the condition p,—p,=, or 
ll, —H,=9v,,, where v, is the molar volume. Consequently, q= tel, 


m 


If forces g are not applied to the particles, but stops are placed to prevent 
them moving, reactions # arise in the latter and are equal to the external 


load required to equalize p,and un, i,e., a wedge effect. 
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The difference between the chemical potentials in the layer and the bulk 
iS given by the theory of molecular forces: 


A 
hh = ce Us 

and, consequently, the disjoining pressure is given by the molecular 
attraction or repulsion forces per unit area between two bodies: 


A 
Sm =44> Ai 
The difference between the chemical potentials of the solvent molecules 
between the particles and throughout the bulk is given by the following 
expression, which follows from osmosis theory: 


Hy ace a RP {e— C. Vis 


where tt. is the chemical potential of the solvent molecules in the bulk; 
Cx is the ion concentration in the bulk (Figure 2.20); c is the ion concentra- 
tion in the symmetry plane of the layer (here, and far from the surface 


sheer Oe consequently, the Maxwell forces also vanish); k is the Boltzmann 


3 


constant; 7 is the absolute temperature, 


The disjoining pressure # =*!— ; hence #,=kT(c—c.). If the conditions 


are those imposed in the determination of the ionic-electrostatic forces, 
then 


1 B 
ee ep ae 
where B is given, as before, by 
RT \2 
B=pD (=). 


The ionic-electrostatic disjoining pressure is therefore given by the 
same formula as for the interaction force g,; in the form of a ponderomotive 
force: 


B 


A third factor causing the inequality of the chemical potentials in a thin 
layer and the bulk, and creating a wedge effect, is the special state of 
aggregation of polar fluids near bounding surfaces. 

Experiments have shown that a hydration layer has a sharp boundary 
with the remaining part of the fluid and may be considered as a special 
boundary phase. Since phase equilibrium sets in only for a definite 
boundary-layer thickness, the chemical potentials within such a layer and 
throughout the bulk will not be equal for other thicknesses. 

Thus, when the particles approach to within twice the thickness of the 
hydration layers, an external load q should be applied to the particles to 
equalize the chemical potentials in the layer and bulk, and hence to achieve 
equilibrium. 


The disjoining pressure &, is given by 


Tp. _ Uo. — thy 
} Um 
where tte and p, are respectively the chemical potentials throughout the bulk 
and boundary hydration layer. Unfortunately, the liquid state theory does 
not yet allow a quantitative determination of jt, 


Coo 
We 
Cree 
FIGURE 2.20. Jon concentration in the FIGURE 2.21. Total interaction of the particles. 


layer separating the particles, and in 
the solution surrounding them. 


A disjoining pressure of this nature can only arise within two hydration 
layer thicknesses, 2h,, between adjacent surfaces. 

Figure 2.21 shows curves of the total particle interaction. Curve 1 
corresponds to the molecular and ionic-electrostatic forces after the 
disappearance of the elastic repulsion forces; at all distances A there is 
particle attraction. Such particles are in a state of aggregation, and only a 
change in the dispersed medium (including the introduction of exchange ions 
into the solution) may cause a variation in their state. 

Curve 2 corresponds to the case when the repulsion forces (acting at 
large distances) transform into attraction forces with decreasing distance, 
until elastic repulsion forces appear, 

Curves 3 and 4 represent systems in which different types of repulsion 
forces dominate at all distances between the particles. Curve 4 refers to 
the case when not only the ionic-electrostatic interaction forces, but the 
molecular interaction forces as well, have a repulsion effect in the given 
dispersed medium. 


§ 10. DISJOINING PRESSURE IN DISPERSE SYSTEMS 


If a system consists of many particles situated sufficiently close to each 
other for molecular and ionic-electrostatic forces to appear, then its 
resistance to compression (the pressure due to swelling) results from the 
wedge effect of layers separating individual particles. The overall magnitude 
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of the disjoining pressure in such a system (per unit cross section) is 


P=SN,, 
f =| 


i « 


where AN; is the wedge effect between any two particles; n is the number of 
contacts per unit cross-sectional area. 

The interaction forces of convex surfaces, and consequently also the 
wedge effect of the fluid between the surfaces, can be calculated by 
Deryagin's general formula /4/: 


N=G { P(h)dh, (2.122) 


¥ 


where &(h) is the disjoining pressure per unit area of the surfaces separated 
by a plane-parallel layer of thickness A; G is a form factor, depending on 
the radiuses of curvature of the two surfaces near their approach zone and 
on the mutual orientation of their principal normal sections; G=nr for two 
spheres of radius r. Formula (2.122) is valid as long as the radiuses of 
curvature are much larger than the range of the interaction forces between 
the surfaces. 


§ 11. FLOCCULATION CONDITIONS OF ION- 
STABILIZED SYSTEMS 


Many investigations deal with the stability and flocculation of disperse 
systems. It has been established that lyophobic sols, emulsions and 
suspensi.us are extremely sensitive to electrolytes. The stability theory 
of such systems was set up by Deryagin and developed by his pupils and 
of ers. 

“his theory is based on the idea that molecular and ionic-electrostatic 
forces exist between colloidal particles approaching under Brownian motion. 
These forces are due to the mutual overlapping of ion clouds at the particle 
surfaces, The stability of a disperse system is determined by the dominant 
of these forces. As shown above, instead of the forces between particles 
immersed in an electrolyte solution, one may consider the equilibrium and 
stability of the layers separating them. In this case the stability criterion 
will be expressed in terms of the disjoining pressure of these layers. 

Under certain conditions, the repulsion forces may exceed (at certain 
distances between the particles) the attraction forces and form an energy 
(force) barrier. This barrier prevents the particles from moving apart to 
such distances where the van der Waals attraction forces can act unhindered. 
Since only particles possessing sufficient kinetic energy can overcome a 
force barrier, the height of the barrier determines the existence time of 
a disperse system, i.e., its stability, which is consequently purely kinetic. 

When electrolytes are added toa sol, the height of the force barrier is 
lowered and the stability of the disperse system reduced; rapid flocculation 
occurs when the barrier disappears. Consequently, the stability limit of 


95 


ion-stabilized disperse systems is determined by an electrolyte concentra- 
tion in the solution such that a point exists between two particles at which 
the following two relations hold simultaneously for the disjoining pressure 
F, equal to the sum of the repulsion and attraction forces and referred to 
unit particle surface: 


S =0, (2,123) 
aS 
air 7. (2.124) 


Where H is the distance between the particles. 

These concepts enabled Deryagin to derive the most important laws of 
lyophobic sol flocculation by electrolytes and their mixtures. 

He considered two limiting cases. In the first he assumed that the 
surface potential of colloidal particles always remains high enough to 
disregard potential variations due to sorption phenomena, since they do 
not markedly affect the stability of a disperse system. The only reason 
for the flocculation of a colloidal system in this case is the compression 
of the ion double layer. 

In the second case of weakly charged sols, flocculation is due not only 
to compression of the electric double layer, but also to a decrease in the 
potential of the particles. The stability theory of ion-stabilized systems 
for arbitrary values of the critical potential and with allowance for 
adsorption phenomena was developed by Barboi /35/. He assumed that 
the interaction of colloidal particles in a solution is simulated by the 
interaction of identical infinite plane-parallel (sufficiently thick) plates, 
which are charged to some potential p, and carry an electric double layer. 
The attraction forces between such plates can be calculated by the formula 


vhs 


Q=a7 (2.125) 


where Ais aconstant. The Poisson— Boltzman equation for this case has 
the form 


dy tne ez ez. 
ir =p | Denavex (Gv) —Yaziexo(—4e)] nee? 


where ¥ is the potential at an arbitrary point in the solution; e is an 
elementary charge; D is the dielectric constant; n; and z; are respectively 
the concentration and valence of the counter ions, and vn) and z) are the same 
for secondary ions; 6=&7 is the product of the Boltzmann constant and the 
absolute temperature. The x-axis is perpendicular to the surface of the 
plates, and the origin of the coordinates is a point lying midway between 

the plates. The repulsion force between the particles is determined by the 
first integral of the Poisson-Boltzmann equation subject to the following 
boundary conditions: 
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Using the notation 


#1 


ai eli 
WOstt ey a 


aa 


where U=exp (Sty). and integrating expression (2.126), we obtain 


P = O14 X mi (Uo), (2,127) 


fl 


re n, is the concentration of counter ions of the k-th electrolyte; 


U, is the value of U for y=Yy. 

If the value found for &/ is substituted in formula (2.123) and expression 
(2.125) used, an equation is obtained for the electrolyte concentration in 
the critical state of a disperse system: 


where m,;= 


Ne = Bz," | Sm U)h (2.128) 


where 


B=4.5) D'a ‘A “%e §, 
Ui, 
fess dU 


J U i hi (YU) — fi (U)] 


U,; being the value of U for }=v%.. 
To calculate the critical concentration from this formula, it is necessary 
DO 
Qne"2o Noe 


(2.125) and (2.127) with respect to H and substitute for the derivatives in 
equation (2.124). This yields 


to determine U,. Since H=/ , we may differentiate formulas 
a 


Bi95/ a ee (2,129) 


{/—_—_—— 
mf (ly) U V Nim; i(U) —f; ()] 


where 


UUN m [fi (U)—f; (U)J+2> m, [F, (U) —F, (YU) 


by U2 {S milfiC)—h Uo)” 


Relations (2.128) and (2.129) contain only one quantity (U)) which is not a 
parameter of the colloidal system. However, U, can be eliminated with the 
aid of these two relations. Consequently, formulas (2.128) and (2.129) 
constitute a general stability criterion of ion-stabilized disperse systems, 
which is applicable for any potential of the colloidal particles in the critical 
state of the sol and when the system contains a mixture of electrolytes of 
arbitrary valence types. A colloidal system is stable if the concentration 
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of electrolytes in the solution is lower than that calculated from formulas 
(2.128) and (2.129). Conversely, a system loses stability for higher 
electrolyte concentrations. 

The general stability criterion can be used to calculate the critical 
concentrations in the flocculation of sols by various electrolytes and their 
mixtures; however, in a number of cases one can analyze equations (2.128) 
and (2.129) without performing calculations. 

If the potential of the colloidal particles in the critical state of a disperse 
system is sufficiently high (strongly charged sols), then the value of the 
integral / is almost independent of U;. As a result, in the case of sol 
flocculation by only a Single electrolyte, the relation nz*=const always holds 
if 2’/7= const. The Deryagin— Landau law, nz§=const, should thus be valid 
not only for symmetric electrolytes, as shown by its authors, but for all 
electrolytes with the same degree of asymmetry. On the other hand, when 
the critical potential is very low, »p may be regarded as an infinitely small 
argument and the integrals / and /; reduce to elementary functions. Formula 
(2.129) in this case assumes the form 


Z 
a 


2 é 7) 3 
;_¥ in( $4 Va \=z. (2.131) 
and equation (2.128) transforms into Deryagin's stability criterion for weakly 
charged sols: 


Va 
V » nz, (z+ 2) 


Experimental data indicate that flocculation in lyophobic sols is nearly 
always accompanied by sorption phenomena. However, the effect of this 
factor has not yet been fully clarified. Since the adsorption of ions of added 
electrolytes modifies the effective potential of the particles, adsorptive 
interaction may be very important in the flocculation mechanism of 
moderately and weakly charged sols. 

Barboi calculated the effect of adsorption processes on the stability of 
weakly charged sols, assuming that the electrothermodynamic potential 
~e, is independent of the nature and concentration of inert electrolytes in 
the solution, and the potential pa at the boundary of the adsorption layer is 
a linear function of the amount of adsorbed counterions, I. The capacitance 
of the electric double layer is in this case proportional to the square root 
of the ionic strength j of the solution. Hence, a relation between the particle 
potential and the electrolyte concentration in the solution can be obtained in 
the form 


= const. (2.132) 


Mijas ig (2.133) 


where 6 is a numerical factor. 

An examination of equations (2,132) and (2.133) shows that as the 
electrolyte concentration in the solution rises, the potential wy, passes 
through a minimum and, consequently, stable states of a colloidal system 
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can be achieved not only with very dilute electrolytes, but also in highly 
concentrated solution. * This occurs in practice and has not yet been 
explained even qualitatively. 

It can be shown that with decreasing ion adsorption capacity, the 
flocculation electrolyte concentration always rises, although the amount 
of adsorption in the critical sol state may both increase and decrease. 
This follows directly from the equation 


(1 ae (2) = const Fz, (2.134) 


which is derived from formulas (2.132) and (2.133). 

Relation (2.134) allows a theoretical determination of the influence of 
secondary ions on the flocculation effect of electrolytes, as well as a 
calculation of the potential jump in the adsorption layer from the experi- 
mental critical concentrations of electrolytes of various valence types. 


§ 12, CAPILLARY PHENOMENA OF A SECOND KIND 


It is usually assumed that the inequality of the pressures in two 
contiguous phases possessing a stable interface and being in equilibrium, is 
due only to the curvature of this surface. The pressure difference between 
two such phases can be calculated by Laplace's formula 


Ap = Pj—h=0(-+-), (2.135) 
where o is the surface tension coefficient, r,; and r, are the principal 
radiuses of curvature of this surface at the given point; r; and r, are 
considered positive if they point into the first phase. 

For a plane interface, r,=r,=oo and hence Ap,=0; this implies equality 
of the pressures in the two phases. 

These well-known relations are no longer valid if one of the phases is 
a thin fluid layer. In this case, even in the presence of a plane bounding 
surface, one should take into account an interphase pressure drop Apz, 
which is a function of the thin layer thickness, ** 

Consider a section of the surface of some body /, which is covered by 
a thin fluid layer K of variable thickness H. Suppose a gaseous phase 
borders on the second side of the layer (Figure 2.22), The x axis is taken 


along the normal to the layer surface and we assume c7 —0, which implies 


a constant layer thickness along the z axis (perpendicular to the plane of 
the figure). A fluid element dw=dxdydz is isolated at the film surface and 
we consider the molecular forces acting onthis element from its surrounding 
three phases. A plane 2 passes through the z axis so that the angle formed, 
1— O—2, is twice as large as the angle @ between the layer surface 3 and 
the body surface 1. 


* Rigorous examination of this case requires special development of the interaction theory of charged 


particles in an electrolyte solution with high ion concentration. 
** This method allows for the existence of a molecular force field along a thin layer of variable thickness. 
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All the volume elements thus formed have symmetric forms with respect 
to the plane Oxz. Therefore, when considering the components Y,, of the 
molecular forces in the direction y, one should take into account in pairs 
only those volume elements containing different phases. This refers to 
volume elements inside the dihedral angles O,. and O,;., the first referring 
to the phase K and the second to the phase /, 


a 
rf 
: / 
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Wy yes SLL, f I, 
Y 
FIGURE 2.22. Section of the sda thickness film. FIGURE 2.23. Diagram 


for calculating an inter- 
phase drop of the second 
kind. 

If different forces act on an element dw (corresponding to different 
molecular interaction energies between dw and the two volume elements 
under consideration), the molecular force components dY,; and dY,, will 
also be different. 

The bulk force components dY,; and dY,, can always be formally replaced 
by surface forces applied to the faces of the element under consideration 
(Figure 2.23): f;=dYni, fo=dYn, . Denoting f.—f, by df, we have df=dY,,.—dY);= 
=— dY,, where Ys=YVni—Y nan. 

Dividing both sides of the above expression by dxdydz=dw, we obtain 


apy 2.136 
Gla, ( ) 


an is the pressure increment along the layer (we replaced 
the molecular force field by the pressure gradient field), 

The variation of this pressure along the surface of the layer can 
therefore be found from the expression 


where ap, nr 


P,(y) = | dp, =— { ¥, dy. (2.137) 


If thermodynamic equilibrium is maintained, the pressure drop through 
the interface is 


Ap=P;— Pg» (2,138) 


where pz is the pressure at the bounding surface on the side of the gas, and 
p,; on the side of the layer. 

At the same time, the pressure differential along the surface on the side 
of the layer is 


dp,= dpg-+-dp, + 4pm (2,139) 
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where dp,is the pressure variation due to the curvature of the liquid—gas 
interface, and dp, is due tothe molecular forces. Integrating (2.139) and 
substituting the value obtained for p; in (2.138), then, with the aid of (2.137), 
the following expression is derived for the pressure drop at the interface 


of the layer:* 


Ap, = Ap, + Pm(y) = Ap,— | Vm ay. (2.140) 
- 


In the case of a plane surface and Ap,=0, 


AP, =Pal¥)=— | Vndy. (2.141) 


L 


The integration here should be performed along the section L of the layer 
starting from the point where Y,,=0 (which corresponds to H=oo) up to the 
point at which Ap is being derived, where the layer thickness has some 
finite value H. 

In the following Apum denotes that part of the pressure drop which is due 
to the influence of the body; the subscript H emphasizes that this drop is 
(as will be shown below) a function of the layer thickness alone for given 
contiguous phases and constant temperature. Consequently, (2.141) takes 


the form 


Pim =APm (Y= — | Vn dy. (2.142) 
L 


It follows from expression (2,142) that a drop Apy occurs in two cases: 
either when ji= 1, Sothat Y,,.=Yri—Yrr=0, which implies equality of the 
molecular interaction energies U,, and U,;; or when the forces Y,; and Yas 
themselves are so small that the difference between them is negligible in 
comparison with the other quantities determining a given phenomenon. 

A small value of the bulk molecular forces indicates a weak body 
influence, which decreases with increasing layer thickness, 


* If the liquid layer borders on a gas (we neglect the resulting molecular interaction), the pressure increment 
dpm(y) in the layer along the y axis is determined only by the derivative with respect to y of the potential 
energy of the liquid in the molecular force field. If the layer borders on a solid phase, or if we consider a 
layer bordering onagas, namely, an element not on the liquid surface but in the middle of the layer, one 
must take into account not only the potential energy gradients, but also the pressure gradient in the layer 
(caused also by molecular forces). In other words, one must determine the reducéd bulk force Ym as the 


derivative of the free energy F: 


The potential energy U, and the pressure p,, are functions of the coordinate x and the layer thickness H, 
but Y,, is a function of H alone /12/; consequently, the pressure p»(y) is the same throughout the whole 
layer thickness. 
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Thus, the pressure drop at the boundary of two phases does not generally 
consist of a single component (as is commonly assumed, even in hydro- 
mechanical problems related to thin layers), but of two terms: 


Ap = Ap, +Apy. (2.143) 


The fluid behavior in thin layers was studied, with special attention 
being paid to the pressure in a layer. A positive pressure drop between 
a volume phase and the layer bordering on it was taken as that correspond- 
ing to a higher pressure in the layer, However, if one is only interested in 
the pressure in the medium bordering on the layer, a positive drop should 
correspond to a higher pressure in the medium. 

This drop, which is the difference between the pressures p, in the 
medium and p; in the layer, is denoted by &#,,: 


SP m= Pr — Pi (2,144) 

The quantity &#,, is that excess pressure in the medium over the layer 
bordering on it (and, consequently, which is applied to the layer surface) 
which brings the layer to a state of equilibrium. Deryagin called this 
additional pressure the layer disjoining pressure. 

Thus, the disjoining pressure can be defined as follows: disjoining 
pressure is the interphase pressure drop across a plane interface from a 
thin layer of liquid to the bulk medium bordering on it. * 

The pressure drop between the medium and the layer is 


APu=Pi— Pr (2,145) 


A comparison of (2.144) with (2.145) yields the relation 


—Apyr=P m: (2.146) 


Withthe aid of (2.142) we may also write 


Pu={Vmdy = [Yu—YVer) ay. (2.147) 
L 


Thus, when considering any hydromechanical problems of thin layers 
with an additional Laplacian pressure Ap, and the above specific pressure 
Apx for thin layers applied to the layer surface, the latter can be expressed 
in terms of the disjoining pressure, but with opposite sign. 

It follows from (2.146) that the pressure in a liquid layer developing a 
positive disjoining pressure is lower than in the phase bordering on it, e.g., 
a bulk liquid bounded by a concave meniscus. This is very important for 
a correct understanding of the equilibrium conditions between a thin liquid 
layer and the bulk, and has not been considered before. 

If the interphase pressure drop Aps (which accounts for variations in the 
molecular force field when passing from the bulk liquid to a thin liquid 
layer) is taken into consideration, the conditions of thermodynamic 


* The possibility of interpreting the disjoining pressure as an interphase pressure drop at the boundary of a 
thin film was pointed out earlier by Deryagin in /40/. 
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equilibrium have the same form as in the absence of a gravitational field, 
namely 


7=const, "==const, p=const, 


i.e., in this case too the last condition should be satisfied. 
The equilibrium condition in a gravitational field is /19/ 


tt—=uU(p, T)+U,, (x, y, z)=const, 


where jto is the chemical potential in the absence of a field, and U,, is the 
potential energy of a molecule in the field (in our case the molecular force 
field). 

Differentiating this expression with respect to y, we obtain 


on: <P 4 oe dy = 0. 


In equilibrium — “" —0, and (ae) =a (the molecular volume); 


dy “Op 
Shs Pe). we 


mi, 


consequently, V,, e fa 


“h y ie 


d (AP,,) 


ay }=0, or if we denote p+Ap, Simply by p, we obtain 


have V,, (= + 
p=const. 


Only molecular forces are considered when discussing whether there is 
a pressure drop at the boundary of a thin layer, as well as the relationship 
of this concept to the disjoining pressure. However, all the conclusions 
also remain valid if the ionic-electrostatic field is taken into account. 

The bulk force component Y; is connected with the energy of a solution 
in a layer in the presence of an ionic-electrostatic field by the relation 


oue oUt: «oH 
C= aa = Oy? (2.148) 


where U? is the solution energy in a layer per unit volume. 
For the energy derivatives of the solute ions and solvent molecules we 


kT @ ou? 
may write oot = =; consequently, ee dc Sin,, where U° is 


the energy, and 3)n; is the number of ions of all kinds per unit volume. 


Since c= i , where N is the number of solvent molecules per unit 


volume, we have 


ou° F) 
yp = —ATN a. (2,149) 
Further 
aue dc fi 
_~s Py 
oH ="! oe —VeoH: 
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and so 


Ot". = dc OP, 


aH = RIN =a aR (2.150) 


where p; is the pressure in the layer, which is due only to the deformation 
energy of the ion envelope as the layer becomes thinner. 
Using (2.149), (2.150) and the fact that U;=Uj+U;, (2.148) yields 


Op, OH 


Y=— 
or 


y= - 5. (2.152) 


In analogy with (2.140), the pressure drop between the layer and the 
phase bordering on it is 


dpm = pily)=— | Yidy. (2.153) 
L 


The total drop at a plane interphase boundary of a thin layer is therefore 


A Dip =AP Hm + AP at: (2.154) 
The additional pressure #,, which must be applied to the surface ofa 
layer to maintain equilibrium with the bulk of the solution, was given by 
the general expression (2.66), and a number of formulas for particular 
cases, e.g., (2.107) and (2.109). 
On the basis of 


(2.153) may be replaced by 


A Py =—(Prm + PF): (2.155) 


The bulk force is then 


OP; 
Y,= aE (2.156) 
in place of (2.152), 

The study of a possible pressure drop at the interface between a thin 
layer and a bulk phase, and its relation with the disjoining pressure show 
that the latter has many applications. 

The concept of disjoining pressure has usually only been used to study 
the effect of a layer on the bodies it separates (solid, liquid or gaseous), 
However, as shown above, its application is also highly feasible in studying 
fluid behavior in the layers themselves. When considering hydromechanical 
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problems of thin layers we must take into account the pressure in the layer 
itself. As a result, the hydromechanical equations must include the drop 
Ap at the boundary ofa thin layer, in addition to the Laplacian pressure 


Ap, . 


In practice, however, it is better to use a quantity with the opposite 


Sign, i.e., the disjoining pressure /&;. 
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Chapter Il 


MOISTURE FILMS IN SOILS 


§ 1, LIQUID WATER 


Liquid water in soils can occur in the pore space in different forms. 

It may, first, fill up all the pores in the soil or a system of intercom- 
municating pores. Secondly, it forms capillary wedges between touching 
particles or aggregates. The third form of liquid water is a moisture film 
on the surface of particles. In unsaturated soils all these three types of 
liquid water are usually present. 

Until recently, moisture films have hardly been studied, and therefore 
a special chapter has been devoted to liquid films, discussing some general 
problems of the thermodynamics and hydrodynamics of thin layers. 

There are different, sometimes contradictory, views regarding the effect 
of liquid water on the moisture properties of soils, its role in the movement 
and evaporation of moisture and in supplying plants with water. A study of 
the hydraulic conductivity of films, the stability of films on particle surfaces 
and the conditions for the simultaneous existence of liquid, as well as other 
forms of moisture, enables the soil scientist to evaluate the role of liquid 
water. 


§ 2. HYDROMECHANICAL EQUATIONS FOR 
LIQUID FILMS 


The following characteristics of liquid flow in thin layers, as opposed 
to bulk flow, should be noted. 

If the length of the section in question and the radiuses of curvature of 
the bounding surface are large compared with the layer thickness, the 
velocity component normal to the interface may be neglected. If, in 
addition, the section dimensions are small compared with the radius of 
curvature of the surface, movement with respect to the section under 
consideration may be regarded as two-dimensional, while nevertheless 
maintaining a bulk three-dimensional character determined by the spatial 
location of the whole layer surface. In such problems as, for example, 
the velocity distribution with depth, the motion can be taken as two-dimen- 
sional; however, when considering fluid motion with respect to fixed axes 
outside the layer, it should be considered as three-dimensional and 
accordingly have three velocity components. 

Next one must consider a number of factors, which are unimportant 
when studying fluid motion over a large volume, the first being the interface 
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pressure drop at the boundary of a thin layer, discussed in Chapter II, 

Other important factors may be the Laplacian pressure drop, and the 
solute-concentration and temperature variations along the layer. 

If the interfaces are charged and situated near ionic double layers, it 
is obvious that in the presence of an external electric field the external 
strata of these layers tend to slide relative to the corresponding interface 
with a stationary internal stratum of the double layer. 

Deryagin /1, 2/ has shown that similar sliding effects may also rise 
when the concentration of molecules of the solute (capillary osmosis) and 
the heat content of the medium (thermoosmosis) near interfaces withinthe 
still mobile part of the fluid vary with respect to the bulk values. 

In addition, one should take into account that under certain conditions 
hydration layers with a thickness of the order of 10—15 intermolecular 
distances, form near interfaces. These may be regarded as a special liquid 
phase whose physicochemical and mechanical properties differ from those 
of the bulk liquid. 

A flowing liquid is described mathematically by means of the three 
velocity components 7,(x,y,z,t) , vy(x,y,2, 0), u(x, y.z,/) and two thermodynamic 
quantities, e.g., pressure p(x, y, 2, f)andtemperature T(x, y, z, t) /3/. 

Thus, the complete system of hydrodynamic equations should consist of 
five equations: the equation of continuity, the Navier-Stokes equations for 
the three velocity components, and, finally, the heat transfer equation. 

The liquid density and viscosity may be considered constant at all points 
of the liquid, since the temperature and pressure variations usually 
encountered are small. Under these circumstances, the equations take the 
following form: 


OX p ma 0, 
Ov; OU; 1 Op hy Grup 5 NG 
oe — ae — Et tt 
ot OX, p Ox, p Ox, 0 
OT oT x oT ’ OU; Oup \2 
paxeaes + Up, —— = 5 ) tet d — ek ; 
ot OX, pc, Ox, 2pc, \ OX, OX; 


where v is the velocity component, p the pressure, n the viscosity, X the 
bulk force acting on unit volume, ¢t the time, T the absolute temperature, 
p the density, c, the specific heat at constant pressure, and x the thermal 
conductivity coefficient. The subscripts : and k refer to x, y, and z, 
summation being performed over a subscript appearing twice in a term. 


In steady motion, the terms ua (representing the inertia forces of local 


acceleration) vanish. The equations can also be simplified if the layer 
thickness and surface section are small. 

In this case, the velocity component normal to the surface may be taken 
as zero and the motion regarded as two-dimensional; in addition, the 
derivatives of the tangential velocity components parallelto the layer surface 
may be considered small in comparison with derivatives of these velocities 
along the normal to the layer surface. The x axis is taken along the normal 
to the layer surface and the z and y axes lie in the plane of the tangent 
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surface. The system of equations then becomes: 


ou, Ov, 

ee aa Ye == (), (3.1) 

Ou, Op 39 

0x2 Az Z. ( ) 

0*u Op 

eS ea ae 3.3 

0 Ox? Oy Y, ( } 

Op 

re (3.4) 
eT aT oT oe (OT PT Ad an be me) 3.5 
test = (Se cee ee erate ee 


It follows from equation (3.4) that the pressure variation over the layer 
thickness is determined by the component X(x) of the bulk force alone. 


f) ,) 
Consequently, the derivatives ~ and a in equations (3.2) and (3.3) may be 


replaced respectively by “land Ph, where p,is the pressure at the surface 


of the layer: 


0’u, OP; 3.6 
"gat = Ge — % a 
07u Op 
NY} re = 35 — Y. (3. 7) 


In Chapter II we considered molecular and ionic-electrostatic bulk forces 
acting on some elementary liquid element dw ina thin layer. The generality 
was not limited by assuming the liquid in the layer to be in equilibrium; 
consequently, the discussion there is valid for any state and, in particular, 
for the liquid motion ina layer. Thus, these bulk forces can be applied to 
the Navier-Stokes equations. 

Denoting the components of the molecular forces by Z,, and Y,, and those 
of the ionic-electrostatic forces by Z; and Y;, the Navier-Stokes equations 
take the forr 


Ou, Op 
Vat = a 2g LZ — Zp (3.8) 
07u, Op, 


where Z, and Y, are the components of the gravitational force. 

It was also shown that the above bulk forces may be replaced by the 
corresponding partial derivatives with respect to z and y of the interface 
pressure drop Ap, at the boundary of the thin layer. Hence, the latter 
equations become 


0?u Op 8 (AP rn) 0 (AP,,,) 
ae Him} y NTE 3.10 
Mgr ee = oe ee 2, ( ) 
O-u OP, 0(Ap,,_,) 0 (AP,,,) 
ROSE EN apes Se fe Com Sa Le 3.11 
ox? Oy Oy a Oy Ve ( ) 
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The pressure at the layer surface is 


P, = Py, + Ap,, 


where p,, is the pressure in the phase bordering on the layer and Ap, is the 
Laplacian pressure drop. 
since 
APum = — Pras 
Apy=— P;, 


where &,, and #, are the molecular and ionic components of the disjoining 
pressure, we may write 


07”, OP oh 6] (Ap,) OF 3 1 y) 
Ng ge ps oe Oe eet2) 
0?" OPon, 9 (AP,) OF 3.13 
yi. _ *?P oe pe ee : 
12 = Oy no oe oy Y ys ( ) 


where P=f,4+ Pf). 
If p, represents not only the sum p,,+Ap,, but includes the drop Apy, 1. €é., 


Pi = Pat Ap, +Apy, (3 14) 


P, =PotAp,—f, 


then equations (3.6) and (3.7) also describe the thermodynamic features of 
thin layers, i.e., are identical with equations (3.12) and (3.13). 

Using the above equations, one should take into account that the pressure 
drop Ap,, the drop Apu and the disjoining pressure / depend on the concen- 
tration c of solutes and the temperature 7. Therefore 


O(Ap,;) _ O(Aps) Ory fe O(Apr) OF. a O(Ap,) OF ae O(Ap,) dc 


OXp c= Or; OX p Ors Ox oT OXp Oc OXp : 
0(Ap,,) OF OF OH | OF OT — OF a 
Oxp OX, =—(57 OXp OT Oxp | Oc Ox,/]° 


§ 3. VELOCITY DISTRIBUTION OVER THE 
LAYER THICKNESS 


When equations (3.12) and (3.13) are integrated, and p, takes the value 
given by (3.14), then 


du l {dp 
; ¥ ] 
Sea at Jet Ay pss ~(+— Je B, 


and 


] 
%= mi de —Z,) 8+ A+ As 


(Pe _ Y,} 4 Bixt By. 
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In the symmetrical case, for which boundary conditions on both sides of 
the layer are identical, it is convenient to take the origin of the coordinates 
at the symmetry plane of the layer. The boundary conditions can be 


specified by giving the rates of shear v, and uv), at the boundaries of the 
moving layer. * 


If a denotes the thickness of each envelope which does not participate in 
the motion and constitutes either an adsorption monolayer or a hydration 


layer, the boundary conditions are as follows: for x=+ (= —a), U,= 4, 


and v,=u. These yield 


1 /oa H 2 
A, = 8, =0; A, =, — 5 Pi —Z,)(+—.) ’ 


, 1 [ap, H 2 
B= 0 — mq (ay Ye) (Za) 
Hence, the velocity components are 
F 1 {Op H 2 
v,=v, +p (4 -Z,| x? — (4 —a] h (3.15) 
,, 1 fap, : H ‘ 
v= + (St —y,)|e—(F —a) |. (3.16) 


The average velocities over the layer thickness are given by 


(4-2) (4-2) 
I l 
Vw2= THO v, az, Vay y = HO Vy az. 
(3-4) -(4-a) 2(-5 —a] ~ (4-2) 
In the symmetrical case the average velocities are 
(>-2) OP, 
Vive U, — ( Fe —Z,), (3.17) 
(4) OP | 
Vyyy =U, — ge (FL), (3.18) 


In the nonsymmetrical problem, i.e., when the layer borders ondifferent 
phases (e.g., a gas—solid boundary), the boundary conditions can be 
given as a rate of shear vj, at the solid-body or hydration-layer boundary 
and as tangent stresses at the gas boundary. The former could be deter- 
mined by a temperature gradient on the surface of the solid or the 
presence of an electric field; the latter may arise when the surface tension 
at the fluid— gas boundary varies, or is equal to zero. 


* The term "rate of shear" is somewhat arbitrary for fluid motion in layers whose thickness is commensurable 
with the size of the diffuse ion clouds. In this case v, and vy represent the components of the velocity 
induced by the osmotic effects under consideration, and averaged over the layer thickness, This velocity 
is obviously somewhat lower than the rate of shear for a very thick layer. 


1] 


With origin at the surface of the solid, we may write 


fe 
for x=@q v,=v' and U, =U, 
du ov 
for = H z mae 2 ard ORY 
uf “Oz = Tz and Oy ¥ 


_ From the above conditions, equations (3.15), (3.16), and (3.17), (3.18) 
give the following results: 


Op, I Op, x]; 
A= —[t, ~ ( Oz ~Z,)H]3 Ba y— (SL 4 : 
1 / op Op 
ae RY on, pee ae De oes ° 
A,=v,— 5 (% Z,)a?—=[s,—(SL-—2Z,) 4a 
1 /op, OP, | 
B=, — 9 ( GEV Jats [y—-(G—h) AJ 


With these values of the constants we obtain 


v=, + 5 (FE —2,) (a?) +~[4—-(F — Z,)H| (x—a) (3.19) 
O= 0, + (Fh ,) (2-02) + [4 — (SE — )H|(x—a) (3.20) 


The average velocities over the layer thickness are 


__, (=a)? / ap, (H —a)t, 3,21 
Caz ae 3n (<2: ~ “g a an ’ ( ) 
, (Ha)? /ap, (H —a)t, 3,22 


Following the theory of kinetic phenomena at bounding surfaces /1, 2/, 
which accounts for the variation near an interface within the still mobile 
part of the fluid of the molecular concentration of the solute, the concentra- 
tion of counter ions and the specific heat content of the fluid, we express 
the rate-of-shear components of the layer along the interface as follows: 


; oT~ ov dc (3.23) 
U,=B Gp TY oe TH oe: 

/ oT OV Oc 3.2 
v, = BGS des as or ( 4) 


where T is the absolute temperature, V is the electric potential, c is the 
concentration of the solut; the coefficients 8, v and un depend upon the 
distribution near the interface respectively of the heat content, ions and 
molecules of the solute. 

The shearing stress along the fluid-gas interface may be expressed by 


8 (3.25) 
Sg Oz ' 
ws, (3.26 ) 
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where 


oo 0a Oc dao OT Oo Oo oc do OT 


dz 0c oe tar ae ONC = a ay TOT Oy 
The bulk forces Z, and Y, in a gravitational field are 
Og (3,27) 


S54, (3.28) 


where qg is the gravitational potential. 
Expressions (3.25)— (3.28) enable (3.21) and (3.22) to be replaced by 


H—a oo 


oT av Oc (H — a)? / Op, ) 
Cie Poe Ye Oe ae 37 ( Oz Be = on Oz’ (3.29) 
oT OV Oc (H —a)* / Op, <) H—a oo 3.3 
Cant AT a eae eager ay eae — ae .30 
Vary =P Gy TY Gy TH Gy 3n ( dy + oy) To ay” ( ) 


For brevity, the following expressions will be used in place of (3.29) and 
(3.30): 


Vwi YK, (3.31) 


o® 
Vy = YK. (3.32) 


§ 4. MECHANICAL EQUILIBRIUM OF A FLUID 
IN A THIN LAYER 


Thermodynamic equilibrium of a body in an external field is possible 
only when the temperature and chemical potential are equal at every point 
of the body. Thus, when a fluid is considered under conditions of varying 
temperature at different points, one may speak only of mechanical 
equilibrium (absence of flow in the layer) or of apparent equilibrium 
(quasiequilibrium), which is characterized by the absence of a mean flow 
in any direction in the layer. 

A necessary and sufficient condition for quasiequilibrium is 


xij (3.33) 


Vay 7 


For true equilibrium conditions (3.33) is no longer sufficient, since 
mutually compensating flows in opposite directions may exist in the absence 
of a mean flow in the layer. Equilibrium is then ensured if 


(3.34) 


v=. 

The quasiequilibrium conditions (3.33), following from expressions (3.31) 

and (3.32), are satisfied when YK 2 =, where / is the coordinate direction 
in the layer. 
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In cases to which expressions (3.29) and (3.30)refer, the quasiequilibrium 
condition becomes 


oT _aV dc (H — a)? / dp, oy H—a do 3.35 
Por har hh or aa (“At ot) + ae ee) 


For symmetrical films, the last term in expression (3.35) drops out 


—a 


2 

Dividing the above expression by the factor multiplying the terms in 
parentheses, equation (3.35) may be written as follows after introducing 
a function of the variable 1: 


and in place of H—a we have is 


Op 0 
Sr +e th =0. ieee) 


If the coordinate / is directed vertically, (3.36) can be solved to yield 


P, +ogh= | f(h)dh, 


where 
P, +ogh=const-+ F (fh), 


and F(h) is the primitive of f(A). 

It follows from the above expression that the fluid pressure distribution 
in a quaSiequilibrium state does not obey the law of hydrostatics. Deryagin 
and Sidorenkov /1/ noted this while treating fluid motion through filter pores. 


§5. FLOW KINETICS AND STABILITY OF THIN 
FLUID LAYERS ON A SOLID SURFACE, CONSIDERING 
THE HYDRATION ENVELOPE AS A SPECIAL PHASE 


The concept of hydration envelopes as a special fluid phase possessing 
physicochemical properties different from those of the bulk fluid and with 
which it has a sharp boundary, considerably simplifies the theoretical study 
of the kinetics of fluid flow in thin layers over a solid surface with a view 
to elucidating the loss and maintenance of their stability. 

It follows from §2 of the present chapter that if gravitational forces are 
disregarded and the bounding surface is plane, the Navier-Stokes equations 
for polymolecular fluid layers are 


Cu, OF OP ph 


2 
peje ee ese and —y a Faas 
Ox? Oz Oz Ox? ~—— ays Oy 


When gravitational forces are taken into account, these equations are 
replaced by 


SS eee ee 
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For flow parallel to one of the axes (e.g., the y axis), we obtain the 
Single equation 


d?u dc? dp 
= ie ey, ph : 
Nae gp ap eS (3.37) 


where op is the fluid density in the layer, g is the acceleration gravity, 6 is 
the angle of inclination of the y axis (coinciding with the direction of motion) 
to the horizontal. 

Setting T=const and c=const, we canwrite (in accordance with (3.21)) the 
following expressions for the specific flux and the average flow velocity in 
the layer: | 


(H—a) (dF = dppp ; 3.38 

— ay (= Bae —pog sinB], ( ) 
(71 — ay {de aD op j ) 

i" oy (= ar —pg sinB]. (3.39) 


In the absence of charge on the interfaces, (2.27) implies that the 
disjoining pressure due to van der Waals interaction of the molecules is 


Using the above expression, we find from equation (3.38) that for a 
constant external pressure p,, 


ame) 
Eaten Canad = Kleen er 
H 


If the thickness of the hydration envelope is neglected in comparison with 
the size of the whole layer, or if it is zero, (3.40) may be replaced by 


sma fe seer 8-41 
y n 
or, using (2.36), approximately 
_ 26° Ao dH og sin BH3 (3,42) 
a nH dy 37 


For a constant flux, equation (3.41) shows that the distribution of moisture 
films at a surface inclined at an angle £ to the horizontal is 


_ 3ng I 3.43 
es a \ 


3 
where as=—" : 


If gy is large, equation (3.43) transforms into the equation for laminar 
flow with a constant depth: 


= (pains) 
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and an average flow velocity 


Bie ote: pg sing H?. 
3n 


av 


For no liquid discharge in the layer, equation (3.43) gives 


A "/s 
H=(spsapy) Se 
The above relation shows that for a static moisture distribution the 

following condition should be satisfied at any point in the layer: 


FY —pgsinpy, or fF = ogh, 


where A is the height of the point in question above the free water level. 
This condition is independent of the form of the function determining the 
disjoining pressure, and is directly obtainable from equation (3.38), 

In our case we have a nonsymmetrical picture of a film enclosed between 
unlike solid and gaseous phases. However, if we assume the charge of the 
film-gas interface to be zero, then, as shown by Frumkin /4/, the problem 
reduces to the symmetrical case. 

Assuming, for simplification, that the potential wp of the film— solid 
interface is infinite (in practice, it is sufficient if p> 100 mv; this is 
usually the case), and the film thickness H is small compared with that of 
the ion cloud, then the ionic component #, of the disjoining pressure is 
given by expression (2.106): 


‘A?! 


where D is the dielectric constant, k the Boltzmann constant, T the absolute 
temperature, z the electrovalence of the counter ion, H the fluid-layer 
thickness, and e the electron charge. 

When the electrostatic component of the disjoining pressure is taken into 
account, the expression for the flux in the layer assumes the form 


— 
RQ 
Nee” 
& 
e 


Am nD {kT \2 dH og sinBHS 
ptr (Se) | a 3y (1-4 


(a) 


The direction of flow inside a thin layer of variable thickness provides 
a stability criterion. If the flow is toward the thin part of the layer, i.e., 
there is a tendency to make the layer thickness uniform, then this 
characterizes its stability. If the flow is directed toward the thicker part 
of the layer, it is unstable, since this increases the nonuniformity of the 
larger thickness with the consequent breakup of the layer. 


The condition g=0, or, following (3.38), oA Gy = corresponds to the 


transition of a layer from a stable to an unstable state. 


7 =0 corresponds to loss of stability. 


dH a d 
If ar #+(Q, the condition “aT 
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Expression (2.27) yields the following stability condition: 
oe — (3.45) 


To evaluate the effect on the layer stability of the electrostatic component of 
the disjoining pressure which arises when a diffuse ion cloud appears ata 
solid surface, we make use of (2.106). Condition (3.45) is then replaced by 


sap (2 PPM bal ae hia '|- D (3.46) 


From (3.45) and (3.46) it follows that for negative values of A,,or, 
following (2.36), for negative values of the spreading coefficient Ac, an 
initially stable layer may attain some critical thickness while growing 
thinner, lose its stability and disintegrate into separate lenses. A new, 
thinner layer then appears, corresponding to a hydration envelope. In the 
reverse process, i,e., when the layer thickness gradually increases, a 
stage in which a hydration layer forms must first be passed. Then, within 
the range of unstable thicknesses, the fluid should collect in droplets. As 
these droplets increase in volume they cover the hydration layer and form 
a new Stable and thicker layer. 


ans 4G! 1 ww 
Ss aire 


SSceeerie 


COC 
? 400—«C600 a a 

oF, 10° wae " 4,,,10 7! dyne-cm 
FIGURE 3.1. Disjoining-pressure isotherms with FIGURE 3.2, Critical layer thickness 
no charge on the solid surface. He, vs.the degree of wettability of the 


hydration envelope by bulk fluid: 


1—no charge on the surface; 2—in the 
presence of charge. 


If the critical layer thickness corresponding to (3.45) or (3.46) exceeds 
the size of the hydration envelope by an amount approximately equal to the 
size of a monomolecular layer, this shows that upon thinning out the layer 
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remains stable for all thicknesses, Figure 3.1 gives the disjoining-pressure 
isotherms for no charge on the solid surface. Figure 3.2 gives the depend- 
ence of the critical layer thickness upon the interacting energy of the 
hydration and bulk fluid phases. A comparison of curves 1 and 2, plotted 
respectively for charged and uncharged surfaces, shows the stabilizing 
effect of the interface charge on the layer stability. The curves are plotted 
for the following values of the quantities involved in (2.106) and (2.27): 


A=107-"'dyne-cm, D=80; z=1; a=15-10-° cm. 


The concept of hydration envelopes as a special phase having sharp 
boundaries, enables one to treat the motion of fluid layers over a solid 
surface upon its hydration, and to determine the conditions under which a 
layer loses its stability. 


§ 6. INFLUENCE OF SURFACE-ACTIVE SUBSTANCES 
ON FILM STABILITY 


The stability conditions of fluid films on the surface of solid particles 
determine the character of such processes as the movement of soil moisture, 
its evaporation from the soil, and the kinetics of the adsorption of gas 
bubbles on the surface of solid particles. When a fluid film on the 
hydrophobic surface of particles is ruptured, the film mechanism of soil 
moisture movement is completely destroyed. If this occurs at the 
evaporation front of a porous medium, the absence of film movement 
largely affects also the conditions of moisture flux to the evaporation front. 

In the previous section we considered the influence of a hydration layer 
forming at a solid— fluid boundary upon the stability of a nonsymmetrical 
film. The results obtained may clearly also be extended to the case when 
an adsorption layer, consisting of the molecules of a surfactant, forms on 
the surface of a solid which is hydrophobic with respect to the fluid 
medium. The appearance of such a layer may result in a loss of stability 
and, consequently, in the rupture of the film, which in the absence ofa 
surfactant would have sufficient stability and would prevent bubbles adhering 
to the particle surface. 

The method used to study the stability of thin layers may also be applied 
to determining the effect of surfactants with many roles to perform. These 
surfactants possess the properties of both a typical collector (characterized 
by preferential adsorption of molecules at the solid — fluid boundary) 
and a foaming agent (strong surface activity at the aqueous solution—air 
boundary). The same method can be used to consider theoretically the 
effect of flotation poisons and to regulate electrolytes. 

The criterion of layer stability was discussed in the previous subsection. 
If the layer and surface are homogeneous, then according to (2.40) the 
following expression should represent the layer stability criterion: 


Ao,, = OF (3.47) 


For Aoxi>0 the layers are stable; for Ao,;<0 thin layers are always unstable. 
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In the presence of a collector-type surfactant, which is adsorbed as a 


monolayer of some saturation, in accordance with (2.39) we may replace* 
(3.47) by 


Ao,; + Ao,,, | ———— — 1] 20, 
aa ie ia (3.48) 


where Adam is the spreading coefficient of the water layer over the hydrated 
layer of surfactant molecules; a is the thickness of the adsorption layer of 
collector molecules. 

If the left-hand side of (3.48) is equated to zero, the layer thickness H,, 
for which it loses stability is obtained: 


_ (l—a)"a (3.49) 


Ch. (1 —a)*—1 , 
where 
sen ACp 


If H in (2.39) is replaced by H,., from (3.49), the following expression is 
derived for the maximum additional pressure on the layer which it can 
endure while remaining stable: 


Pada”, eee (Eto fee (ee | (3.50) 


a3 (1 —a)"*a 


Since in a capillary the additional pressure on the film is 


Pasa = . (3.51) 


where op-3 is the surface tension at the air—liquid interface and r is the 
capillary radius, an expression can be found from (3.50) and (3.51) for the 
maximum capillary radius corresponding to which films near the meniscus 
remain stable for the given physicochemical characteristics of the capillary 
surface: 


7 one a(l — a)! a°O_ 3 
max DF bog [1 —a)*—1P fat [da — 1) eo 
Let us express the spreading coefficient Ao in terms of the surface 


tension o,-, at the aqueous solution—air interface and the contact angle 6, 


given by cos @ = “!=2— "1-2 


,; where the subscripts 1, 2, 3 refer respectively 
2— 3 


to the solid, the liquid and the gas. Consequently, 


O;-3— 0;_9==0,_,c089, and Ao=o,_3;—0,_»—05_4 
so that Aox: 1s given by 


AG g; = 9,_3 (cos 8 — 1). (3.53) 


* As a first approximation we assumed here that an adsorption monolayer has identical properties throughout 
its thickness. In reality it should be regarded as consisting of two layers: the first containing polar groups 
of molecules at the solid surface, and the second containing their hydrocarbon hydrophobic parts. 
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The spreading coefficient Ao; over a hydration layer of surfactant is 
accordingly 


AOgm == 82-3 (cos 8; — 1). (3.54) 


If 0>Ao;>—202-3, the above expression enables (3,52) to be replaced by 


Sep ace Oe, (3.55 ) 
max “(cos 8, — 1) 28° [(1 — ay*— 1]? {a + [cl —ay"* — 1]} 


Consider the case when the clean surfaces of a capillary are lyophilic, 
but have a small spreading coefficient whose order is several dynes-cm~', 
It is assumed that after the introduction of a collector-type surfactant, the 
wetting angle becomes of the order of 90°, and then — Aorzm~50—60 dynes. cm™ 
and —a=0.04— 0.05. 

Taking a =3-10-'’cm and §6=1.5:107-8cm, the values of H., and r,,, are 


1 


H ., = 100a~3-107° em, r_.. 10° cm. 


Another case, for which the spreading coefficients Ao; and Ao are 
numerically equal (a#=1) and the wetting angle 6, has the same value as in 
the previous example, yields the results 


H,, ~6a~2-10°cm and r_,, ~0.04cem. 

In both these examples, one clearly sees how sharply the film stability 
conditions vary when the wettability characteristic of the mineral varies. 

In the first case film rupture occurs when it is still quite thick. The 
additional pressure required to rupture the layer is so small that practically 
any capillary size should provide it. In the second case, the critical layer 
thickness is a fifteenth that of the first case, and the capillary dimensions 
causing the necessary pressure do not exceed 1 mm. 

If the surfactant fulfills the functions of both collector and foaming agent, 
one must take into account the presence of an adsorption layer not only at 
the surface of the solid particle, but at the liquid— gas interface as well. 

If we assume the properties of the adsorption layer to be uniform throughout 
its thickness, the disjoining pressure should not be determined by expression 
(2.39), as before, but by (2.30), where expressions (2.35) and (2.36) are 
taken into account: 


P a = * ae aa “13 + 26 np (Tay TBF) 
cay eg) (ET EF 


(3.56) 


Aom is the spreading coefficient of a hydration layer of surfactant 
molecules over the clean surface of the mineral. 


2203 120 


The film stability criterion for a mixed surfactant effect is determined 
by the derivative “7 : 


l l l 
—~———- +- \a.; f |] — ———— £094 | ————- — —— — | 20. 3.57 
Spee ere 


Consider the effect of flotation poisons on the stability of water films. 
If we assume that the poisoning of the flotation process is due to the 
adsorption of contaminant molecules on the 
adsorption layer of the collector, which, 
in particular, also characterizes the 
phenomenon of ''reoiling'' when there are 
excess soap molecules in a solution /5/, 
then the problem reduces to calculating 


K 


habbit ub ud ude mbake ude akeuheube uk, 


ae 
TE ROASOOAM AAA ASS SAS SAAD SASS 
y, 


i the disjoining pressure and its derivatives 
Yi with respect to the layer thickness for a 
surface consisting of a mineral particle 
FIGURE 3.3. Scheme ofa layer separating covered by two adsorption layers, the 


a gas bubble from the surface of a particle: first of which is lyophobic and the second 

I—particle: K—water layer; m—collector lyophilic (Figure 3.3). 

layer; n—layer of flotation poison. Using formula (2.18), the following 
expression can be obtained for the variation 
of the system's energy per unit layer area 

for an increase dH in the layer thickness, i.e., for a transfer of an 

elementary volume with unit base area and height dH from the surface of 

the bulk liquid to the surface of the layer: 


App —A ; l l 
Ue = — dH | “He Ate 4-(Aem — Ane) | ays — 75 as 


+ (Ann —~ Apa) waa Waar 5 


Since ——77;- =f, we may use the previous notation Ani=Ani— Ana ; 
Anm=Anm — Aur; Aun=Arn — Ann to obtain 


__ Art 1 1 1 1 
P = ay + Nem laa —az|t+ 4s la — 6)3 aces aay | ’ (3.58) 


a 


where the subscripts m and n refer respectively to the collector layer and 
the layer of flotation poison; a and b are these layer thicknesses. 

When the derivative of (3.58) with respect to H is equated to zero, a 
stability condition results for the layer under consideration. Using 
expression (2.36), this condition can be written in the form 


6 emer s ee ee eee day 3,59 
‘Tere eee 8 


where 
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If the spreading coefficients and the ratio a/b are assumed constant, then 
the whole left-hand side may be denoted by F(H). The condition F(H)>0 
corresponds here to stable layers, and F(H)<0 to unstable layers. 

Expression (3.59) enables one to determine for which ratios of the 
Spreading coefficients Aorm and Aox, the effect of the collector layer is 
completely screened by the adsorbed molecules of the flotation poison; this 
clearly corresponds to the moment when the function F(H)assumes a 
positive value for all layer thicknesses H. 

Figure (3.4) shows F(H) for different values of the ratio a= oH when 


Rm 


|AGan |< | Adem! 
These curves differ from each other according to the value of the ratio 


p=— 


It follows from the curves in Figure 3.4 that F(H) is positive for all values 


age to which F(H) tends as H becomes infinite. 


AG pi 


of H, starting from the value of a= for which the following conditions 


A km 


hold simultaneously: 


F(H)=0, Fi(Hm)=0. (3.60) 


The latter condition yields 


Hm 
tt i i —+1. (3.61) 
fo fees 
( 2 = a 
p 
4G,, 
H O° de, 
Ree 
08 oe 
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n COP SEER 44, 
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FIGURE 3,4. Family of disjoining-pressure FIGURE 3.5. Curve representing the condition 
isotherms. for the flotation process to stop. 


Expressions (3.59) and (3.61) can be used to find a relation between 


AG; 


AG, 
and b= Gas 


a= such that conditions (3.60) are satisfied. Sucha 


relation is represented by the curve in Figure 3.5, according to which the 
concentration of poison in a solution (on which Aorzn depends) varies due to 
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the hydrophilic nature of the clean surface of the mineral andthe hydrophobic 
nature of the hydrated layer of collector molecules. 
In the case considered earlier, for which good flotation conditions are 


provided (a =~ —0.05; Aoum is of the order of 50 dynes-cm™!), complete 


poisoning of the process should occur when the hydrophilic nature of the 
layer of hydrated flotation contaminant molecules is characterized by a 
spreading coefficient Ao,, of the order of 30 dynes: cm~', However, partial 
poisoning of the process should have already occurred for much lower values 
of the spreading coefficient. 

In the second example, characterized by less favorable conditions for 
bubble adhesion, complete poisoning of the process should occur when 


oe « —0.1. This corresponds (for Aoam~ —50dynes-cm-') toa value 


Atdrn® 5 dynes: em-?, 


Although the calculations are only approximate, due to the inaccurate 
formulas describing the disjoining pressure, the results not only correctly 
characterize qualitatively the operational features of different surfactants, 
but are also quantitatively fairly close to reality. 

In § 5 of the present chapter, we considered the influence of the ionic- 
electrostatic factor on the equilibrium and stability of thin liquid 
layers on a solid. This factor is provided by electrolytes as sur- 
factant-regulators. 

If we assume (as in § 5) that the liquid— gas interface is uncharged, a 
higher electrolyte concentration causes a lower layer stability. However, 
the condition that one of the bounding surfaces be uncharged may not be 
observed, and, as shown by theoretical investigations of Deryagin and 
Levich /6, 7/, even for charges of the same signs, but different magnitudes, 
the interaction transforms from repulsion at large distances to attraction 
at small distances. If the charges possess different signs, the interaction 
always reduces to attraction, which lowers the stability of films. 

A difference in the charges of opposite bounding surfaces of a thin layer 
may be largely affected by selective adsorption of different ions on the 
lyophilic and hydrophobic surfaces. These surfaces are formed due to the 
orientation of the collector molecules of hydrophobic hydrocarbon "'tails'' 
toward the water layer at the solid boundary, and the polar groups 
toward the layer at its gas boundary. 

A combination of certain conditions may obviously either improve or 
worsen the surface wettability of mineral particles, 


§ 7. INFLUENCE OF SMALL SHEAR STRENGTH ON 
LIQUID EQUILIBRIUM AND MOTION IN THIN LAYERS 


Under certain conditions, even the smallest elements of shear strength 
in bulk liquid may play an important role when considering the equilibrium 
or motion of a liquid in thin layers, e.g., its percolation through clayey 
soils and the motion of moisture films in soils. 


The relevant hydrodynamic equations for thin films in steady motion 
along a coordinate axis (ignoring quadratic terms) are 


Op eu eu 3.62 

ap ~Y =a(Sh + 4). 
acne (3.63) 
Oy ‘ 


Consider a point at which the boundaries in the direction of one of the 
axes (e.g.,2), do not yet affect the flow (e.g., a point in a layer, which is 
very wide in the z direction, the point being situated far from the layer 


boundaries). Neglecting as" , we obtain 
Gz? 
uP ae, 3.64 
aE Ox? * ( 
Since 7 x == SE, where t is the shear stress, (3.64) may also take the 
form 
Op Ov 
ay! oe" (3.65) 


If the terms on the left-hand side of the equation are independent of the 
coordinate x, then 


t= (52 — )x+0. (3.66) 


When a liquid moves in a layer bounded by two parallel planes, it is 
convenient to take the origin of coordinates at the midpoint of the layer 
of thickness H. 

Symmetry conditions then yield that at «=0, t=O. Hence, C=0 and 


therefore t= (5? —r} Xi 


At the layer boundary (x=4, where H is the layer thickness), we have 


Thou= (52 —¥} ue (3.67) 


Consider the motion in a liquid layer, which borders a solid on one 
Side and a gas on the other. The origin of coordinates is taken at the 
liquid— gas interface and the x axis directed toward the layer. The boundary 
conditions x«—0, t=0O give C=0, and consequently, as in the first case, 


_ (OP 
t= (SP — \ x, 


Op Ly 3.68 
bou ( OY 7 ( ) 


For the motion of a liquid along a tube of circular cross section, where 
the y axis points along the flow and coincides with the tube axis, the 
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Navier-Stokes equation has the following form in cylindrical coordinates: 
Ap =1(& 1 2), (3.69) 


or, since 


an alternative form is 


5A geen ne (3.70) 


=1[F(-r)+¢] 


Since t=0Oon r=0, we find again that C=0. Therefore 


at the tube walls (r=r,,. 
Trubef 9P 

Using Shvedov's law for viscoplastic flow, t= m+n (which says that 
the shear stress in a liquid comprises two terms: the shear stress tT under 
plastic deformation and the viscous stress -), we can show that for 1,,,,=to 


the liquid will be motionless between the bounding surfaces. 
Consequently, the condition determining the onset of fluid motion is: 
for a symmetrical layer bounded by two stationary planes 


($1) fan (8.72) 


for a nonsymmetrical layer bordering a solid on one side and a gas 
on the other 


) 
(52 = JH =~ (3.73) 
for a liquid in a circular tube 
Op r 
Can \e=m (3.74) 


Conditions (3.72} (3.74), which also follow from earlier solutions for 
the motion of Newtonian fluids /8, 9, 10/, show that for thin layers the effect 
of shear strength may be very large. 

Consider, for example, the flow of a thin liquid layer over a vertical 


plane. Since here* SP = O(at the gas boundary p=p,,,=const and at the 


* We assume the layer thickness to be so small that there is no wave formation at greater depths /11/. 
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boundary with the plane py) =0), Y=—pg (where p is the liquid density and 
g is the acceleration of gravity), and (3.73) reduces to pgH=1. 

For example, when H=10-§cm and pg=10? dynes-cm~?, it is sufficient 
that the ultimate shear stresses 1 in the liquid reach 10-* dyne-cm~? for 
the layer to remain motionless. 

However, with this value of », the layer will move even if its thickness 
is only slightly nonuniform. If the layer is horizontal, but its thickness is 
nonuniform, condition (3.73) becomes 


0 (AP,,) OF OF 0H % 
i SS ep On an = 
or 
OF pr __ 1% 
sp = (3.75) 


where « is the inclination angle of the liquid-gas interface to the solid- 
liquid interface. 


t3 . 
If we assume the disjoining pressure is #=+3;, where & is a constant, * 


(3.75) is replaced by 


~~ BF * (3.76) 


For example, if fis of the order of 10*—10°dynes:cm~*, when t= 
= 10° ?dyne: cm~*, the layer starts to move when the surface gradient is 


a =2(1077—107°), 


In § 5 we obtained the variation with depth of a film on a plane surface 
(taking into account gravity forces and the gradient of the interphase drop 
at the boundary of a thin layer with a gas) in terms of the disjoining 
pressure. Let us now find the relation H(y) between the layer thickness H 
and the distance y between the layer section under consideration and some 
equipotential reference plane, taking into account elastic shear forces. 

In this case condition (3.73) may be written thus: 


d (Ap 
( “en wy. og H = %, 
or, since 
d (AP ,,) AF OP OH 

dy dy OH oy' 

we have 
af dH 
T — egH oe jp = (3.77) 


* In the case of nonsymmetrical films of aqueous electrolyte solutions, the disjoining pressure (including both 


3 
a molecular and an ionic component) can be given approximately by an expression of the type Gas, ; 
the constant — being determined from the disjoining - pressure isotherms obtained, for example, from 
gas-bubble experiments /12, 13, 14/. 
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if PP - +, (3.77) may be transformed to 


: dH 
dy == 3%° Fie). (3.78) 


Integrating (3.78) with the limits on the left-hand side from 0 to y and 
on the right-hand side from H=oo (the level of the bulk liquid) to H=H, we 
find 


21,H? he Cif ae 


te } ape Me |: (3.79) 


When the same expression is integrated for t=0, we obtain 


“2 


yas a (3.80) 


A comparison of (3.79) with (3.80) indicates that when 1 differs from zero 
and y increases without limit, the layer thickness H tends not to zero (as 
To 
Te 

From a value of the order of 107-* dyne-cm™, the plastic properties 
begin to affect the film distribution with height even for such a relatively 

weak force field as that of gravity. 

Jom Figure 3.6, which is based on equations 


55 (3.79) and (3.80), shows curves for the liquid 
so) fe layer thickness H vs the wall height y for 


65 t =O and tm=2-1072 dyne-cm’, The 


in the case t) =0), but to some finite thickness H, = 


ge ET LY. constant £ is taken equal to 107)" dyne-cm, 
25 pt TVA ee ee corresponding to an NaCl aqueous solution 
SEREVRAESES of concentration 107% N in the film and a 
Rast PeeeeE glass surface /12, 13/, 

ARBRE Gas Under a stronger force, e.g., the 

15 centrifugal separation of disperse systems, 
10 the effect of the shear strength may be 

5 xe sharply reduced, If the ratio of centrifugal 
0 sm a oe acceleration to gravity acceleration is 


denoted by n and the maximum layer thickness 
by He, then 

FIGURE 3.6. Effect of elastoplastic 
shear strength of a liqui on the equi- 
librium distribution of a liquid film 
on a vertical surface. 


_ _%0 
co pg | 


For example, Olmsted /15/ attained 
values n=3-10° with samples of clay soil, 
for which the equilibrium thickness H.. at t=10dynes-cm~? amounts to a 
single array of molecules; consequently, for values m< 10 dynes-cm ” 
the shear strength of the fluid may be neglected in this case. This was done 
in considering the equilibrium conditions for moisture removed centrifugally 
from a sample of clay soil /16, 17/, 

Another example of the effect of shear strength on the motion in thin 
layers is seepage through narrow-pore filters. 

Expressions (3,72)— (3.74) can be generalized by 


(s2 —Y¥\ R= 1, (3.81) 
where R is the hydraulic radius. 


The quantity H= (2. + h) , thehead (h is the height of the point above the 


zero level), is now introduced. Its derivative gives 


wo oe 
If Y is the gravity component along the y axis, ¥ =—pg > and 
og = -Y; hence (3.81) takes the form 
pg a R= %. 


If 1) denotes the value of S for which condition (3.81) is satisfied, we 


obtain 
T = /oogR, 
whence 
fo= sER (3.82) 


In a porous system we may take R= (n being the porosity and Q the 


specific surface). Hence the initial head gradient is 


— oe ° (3.83) 
pen 


This expression can be used to determine the order of magnitude of t 1n 
percolation studies of the rheological characteristics of liquids (Chapter I, 
§ 12). 

An investigation of the effect of shear strength on water seepage through 
narrow-pore filters indicates that the use of seepage theory when the order 
of the head gradient is close to that of the initial head gradient is incorrect. 
Such a situation is encountered in the design of drainage systems in clay 
soils. 

The last example of the effect of plastic properties on liquid behavior 
in thin layers is the equilibrium conditions of two plates separated by a thin 
liquid layer. 

Consider the limiting equilibrium state of such a layer, defined as 
follows: due to some load gq applied to the plates the layer is motionless; 
only when this load is increased to a definite value go does the layer begin 
to be squeezed from the center to the periphery of the gap between the 
plates. In this connection we consider only small ratios of the maximum 
Shear stress to the maximum load gq per unit plate surface, and large 
ratios of the plate diameter dtothe gap width H; i.e., 


To << Jo and a> A, 


When considering normal stresses, the first condition allows one to 
neglect departures in viscoplastic liquids fromthe Pascallaw. Consequently, 
it is assumed that px=p,=p,=p, where fx, Pp; and Pp, are the principal normal 
stresses and p is the pressure in the layer. 
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The second condition allows the problem to be considered as plane and 
axisymmetric, with no special layer boundary conditions at the edge of the 


plates. Therefore OP ie 


sy = 9 and SP =0, where x and @ are cylindrical 


coordinates, the former being perpendicular to the surface of the plates and 


passing through their center; the latter is the radial angle in the plane of 
the plates. 


In a state of limiting equilibrium 1t,=t over the entire surface of the 
plates. 


Consider the equilibrium of some element of the layer (Figure 3.7). We 
may write 2mrdgdr+dpHrdg=0, or 


dp =— = dr. (3.84) 
The integral of this equation is p=— Prof +C. At the edge of the plates 


r=r,p and p=p2, where p, is the hydrostatic pressure; consequently 


2 
Cm mt Bye, 


so that 
2t 
P— Pro= Fy (lp — 1). (3.85) 

vA 

/ A / . S 
EERE \N — 7 aN r 
: | 
| | | ] 
i\! \i 
ap i \ y op 
—7 
a 
ar 
FIGURE 3.7. Diagram for calculating FIGURE 3.8. 


Diagram for calculating the 
plastic strength of a layer separating spherical 
surfaces. 


the plastic strength of a plane layer. 


If (3.85) is integrated over the whole area of the plates and the resulting 
expression is divided by this area, one obtains the maximum load 4 per unit 


plate surface (equal to the mean pressure p, developing here in the layer) 
which keeps the layer motionless: 


2 
7 (r,—r)rdrdg, 


ra 
<—._> 
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or 


Yo Px = “3H = 3A’ (3.86) 


where d is the diameter of the plates. 

A Similar expression can be derived for spherical surfaces. For the 
layer thickness H betweén two spherical surfaces (Figure 3.8), the 
approximate relation 


H= H+ 4 (3.87) 
can be written, where op is the radius of the sphere and H, is the distance 
between the surfaces when r iS zero. 

When this expression for H is substituted in equation (3.84), we obtain 


ss 2TP 
dp= Hip EP dr, (3.88) 
. . ‘ eno 0 ) 
which can be integrated to yield p= 2% Hy arctg r win +C, 


The boundary condition is that on r=a p=0; hence C is derived in the form 


C= 2%; V ap arctg a var : 
19 


] 


so that 


. p- ae L 
pH2HyY Hi (aretg a Vira arcig r ——— |. (3.89) 


} Ayo 


The pressure p(r) is Shown in Figure 3.9, 
The total resistance displayed by a layer separating spherical surfaces 


is 
2x a 


P,= | [ prdrdg—2n{ prdr. (3.90) 


{) U 0 


With expression (3.89) for p, this resistance is 


P, = 211, (ap — Abo": arctg wiih (3.91) 


If a=p: 


P= 2at, G — AP hp* arctg V +) . (3.92) 
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The expressions will now be applied to two near plates carrying a surface 
charge and separated by a thin layer of electrolyte solution. 

The equilibrium condition of two bodies separated by a liquid* can be 
written as follows (disregarding its shear strensth): 


Q—(M+ #)=0, (3.93) 


where Q is the external load on the body, M is the molecular attraction 
between the bodies, and /is the disjoining pressure developed by the liquid 
throughout the space. Here we deal only 
with that part of the disjoining pressure 
P which results not from the van der Waals 
forces, but from the ionic-electrostatic 
repulsion forces when the diffuse ion 


clouds overlap. Since the total value of 
the disjoining pressure can be expressed 
as P=f,+f,, where &#,, is the 
molecular and &, the ionic part of the 
disjoining pressure, and &#,,is equivalent 
to molecular attraction, we may replace 


FIGURE 3.9. Pressure variation from center (3.93) by 
to periphery in the limiting case of the 
elastoplastic equilibrium of a layer between Q—(Prat+P) =Q-—F=0. (3.94) 


spherical surfaces. 


If the liquid in the layer has shear 
strength, aterm depending on the 
maximum shear stress t should be introduced in equation (3.93) or (3.94). 
When the separation of the bodies is a constant, H, then (3.93) becomes 


q—(m+A,) + p,=0, (3.95) 


where p,is the mean pressure in the layer which the plastic properties 
alone can maintain for a definite thickness H; movement of the plates toward 
each other corresponds to a minus sign and away from each other to a plus 
sign. The quantities m and#?;are the molecular attraction and disjoining 
pressure per unit area of separation. The expression 


q—(m+F)) eno 


in the resultant load acting on the plates, which in equilibrium is taken as 
the plastic strength of the layer. With the aid of (3.86), (3.95) takes the 
form 


g—(m+P,) + 3 =0. (3.97) 


A similar equation for spherical particles can be derived by considering 
forces acting on the whole particle instead of referring them to unit area. 


* It is assumed that the separation thickness exceeds that of two hydration sheaths. 
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For the molecular attraction forces M and the ionic-electrostatic 
repulsion forces #;in the case of spherical surfaces, Deryagin /21/ showed 
that 


M=xp | mdH (3.98) 
ay 
and 
P= | P.dH. (3.99) 
H 


l 


Substituting these expressions in equation (3.95) and introducing the 
plastic strength P, of the layer, we obtain 


Q—x0 | (m+ /,) dH — 2nt,(ap— Hye" (3.100) 


arctg —_—) —0. 


l 


Equations (3.97) and (3.100) give consolidation curves ¢«(Q) relating the 
porosity to the load for disperse systems, for which H should here be 
replaced by (e) and the force Q regarded as the load per contact. 

These relations can also be used to evaluate the effect of any specific 
factors causing particle equilibrium. Some examples are now given. 

For small distances H, relations (2.38) and (2.104) can be used: 


Kl 


cena ae i= OF? 


4820 nD es) 


ze 


Then, for spherical particles, 


or 
n?70D (kT \2 29520 
M+P,=7F-( yore, 
@ 
If the surfaces are brought to the minimum possible distance apart, 
denoted by 8, expression (3.101) assumes the form 


(3.101) 


ze 


*pD (kT \2 
M+ P,=-7% (#2) — 2100) (3,102) 


The second term on the right-hand side of this formula represents the 
molecular adhesion force between two spheres, obtained earlier by Bradley 


/22/ 
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The plastic force P, for the same case can be found from (3.91): 
P, = 21a. (3,103) 


When expressions (3,102) and (3.103) are substituted in (3.100), we can 
derive the force with which particles of a disperse system must be brought 
together so that a "dry" mineral contact arises between them, namely 


Q = 70 Sy (45)’ — 204+ 2r9a]_ (3.104) 


ze 


If we calculate not the forces acting onparticles, but the load q referred 
to unit area occupied by a particle, then (3.104) is replaced by 


q= sr = 4 [55 (SS) 20x07 20]. (3.105) 


= 28 \ ze 
For spherical particles (9=a) (3.102) becomes 


Q = 10 | 5 (SF) = 20¢7 + 200]. (3.106) 


ce 


Suppose D=80, k=1.38-10°% erg-deg-', e=4.8-10°™.esu, T= 
= 3.10° deg, z=1 and §6~1.5-10-% cm; then expressions (3.105) and (3.106) 
yield 


1 
* (63 — 204; + 2%) 


and 


Q = 1p (63 — 204; + 2099), 


whence it follows that in the case under consideration the ionic-electrostatic 
repulsion forces are of approximately the same order as the molecular 
attraction forces. For the elastoplastic forces also to play an important 
role in the equilibrium of particles, the term 2p Should have the same 
order as the sum of the first two terms in the above expression. 

For example, if the sum of the first two terms is of the order of 
100 dynes-cm~! and wm does not exceed this value, then only for a particle 
radius of the order of 1cm do elastoplastic forces become comparable with 
the remaining forces. However, the external load g required to consolidate 
the layer is negligibly small (of the order of 3: 10° dynes: cm~?), 

Any attempt to separate the particles will be resisted by the elastoplastic 
forces, being one of the components of the adhesion forces. 

It is just the overall effect of these forces and the molecular forces 
which accounts for the existence of adhesion forces which oppose fracture 
in clay soils. 

Consider also the interaction of particles of diameter 10yu situated a 
distance of the order of 100 mu apart. With these values in (3.99) and the 
previous values of the other constants, we obtain in dynes 


M+ Pf, =(10-*— 10) ox, 
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Under the same conditions formula (3.92) gives 


P,=1.721%,10~° 


A comparison of the calculated values shows that in the case under 
consideration the elastoplastic forces may have a significant effect on 
particle equilibrium only if the liquid possesses a shear strength of the 
order of 50 dynes‘cm™’. If the layer does not possess such properties 
(our investigations of thin layers by a percolation technique show that water 
layers of such thickness usually have a shear strength several orders below 
the indicated one), the equilibrium of a system consisting of dispersed 
particles of the above sizes should be determined primarily by the thermo- 


dynamic factor. 
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Chapter IV 


MOISTURE EQUILIBRIUM CONDITIONS AND 
MOISTURE-RETENTION CAPACITY OF SOILS 


§ 1. EQUILIBRIUM BETWEEN CAPILLARY 
AND FILM MOISTURE 


One of the reasons for the different classifications of moisture types in 
soils is that the simultaneous existence of capillary and film moisture 
elements has not been studied. Capillary moisture elements, whose 
dimensions are large compared with the thickness of films, have the usual 
properties of bulk liquid and their behavior is determined by the Laplacian 
capillary forces, which arise at curved liquid-gas interfaces. Thin layers 
were investigated much later, and the results have only recently been 
applied to the study of soil moisture. 

Another reason for different moisture classifications is the ambiguity 
of the term "bound water.'' This concept is usually applied not only to the 
liquid near bounding surfaces (where such physicochemical peculiarities 
appear as a decrease in Solvent action, anomalous freezing temperature 
and dielectric constant, or anomalous mechanical properties, e.g., 
viscosity and shear elasticity), but to the whole liquid contained in thin 
layers if the latter are capable of developing a disjoining pressure to oppose 
(and in the case of a negative disjoining pressure to favor) the binding of 
the phases separated by the layer. 

Experimental and theoretical studies have been made of the thermo- 
dynamic and mechanical features of thin layers /1, 2, 3/, and their 
corresponding hydromechanical equations have been set up /4, 5, 6, 7/. 
These enable one to consider the existence conditions for neighboring 
elements of film and capillary moisture in soil. In addition, one can 
consider such problems as the equilibrium between water in the liquid and 
vapor state within a soil layer, and its motion in the presence of relatively 
large elements of capillary moisture separated by very thin films. 

An understanding of these problems would help to improve the classifica- 
tion of soil moisture types. Such a classification would not only include 
qualitative concepts of geometrical forms of moisture and its physico- 
chemical, mechanicaland thermodynamical properties, butalsoa quantitative 
estimation which is at the heart of any investigation into the equilibrium and 
motion of film and meniscus (capillary) moisture. 

If the temperature and concentration of the solutes is constant, the 
equilibrium moisture contained in film and meniscus form, or completely 
filling the pores, is determined (following § 4 of Chapter III) by the condition 


— == —- = — =0 or D= + + o=const, (4.1) 


where p is the pressure in the liquid; 9 is the gravitational potential; a, b, 
and A are the coordinate axes, the latter of which is assumed to be vertical; 
o is the liquid density. 

At any point of the space occupied by moisture, there corresponds to 
condition (4.1) a constant chemical potential for the liquid molecules or the 
substances dissolved in it. 

Suppose p, denotes the pressure in the gaseous phase. The following 
quantity, which is termed the moisture potential of the system, may be 
introduced for the elements of film and meniscus moisture which have a 
liquid-gas interface: 


p= 22 | (4.2) 


When p is replaced in (4.1) using this expression, we obtain an equilibrium 
condition for the liquid in the form 


y+ 48 + = const. (4.3) 
If £#=const, this condition reduces to 


p+ o=const. (4.4) 


We may uSe (2.143) to express the gravity and moisture potentials as 
follows: 


and 
Ap,+ Ap 
aa waa (4.6) 


where Ap,is the pressure drop between the gaseous phase and the liquid 
across a curved gas—liquid interface; Apy is the pressure drop between 
the gaseous phase and liquid in a thin layer across a plane interface; p is 
the liquid density and g is the acceleration of gravity. 
For water (with p=1), the moisture potential » may be considered 
numerically equal to the total pressure drop at the liquid-gas interface. 
The pressure drop Ap, is expressed by Laplace's well-known formula 


Ap, =0(—+—}, (4.7) 
and the pressure drop Apy is given by 


If condition (4.4) is applied at two points I and II in the liquid and lying 


on the same gravitational equipotential plane, then with p,=const (4.6) 
enables us to write the equality 


A Pat Api = Api + Apun- (4.9) 
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Suppose the point I refers to moisture which is confined to points of 
contact with the particles. Since one may take Apy;=0 for capillary 
moisture, expression (4.8) yields 


Apri=Apy— Ff. (4.10) 


Thus, if the capillary moisture is in equilibrium with the film moisture, 
the pressure drop between the gaseous phase and the liquid should be the 
Same irrespective of whether their interface 
is bounded by curved meniscuses of the 
surface of the film, which may have a 
totally different surface curvature (e.g., 
plane). If, for example, the pressure drop 
in the capillary moisture is negative, l.e., 
the liquid pressure is lower than in the 
surrounding gas, then the pressure in the 
film should also be lower than in the 
surrounds. The pressure drop in capillary 
moisture is due to the surface curvature 
of the meniscuses and is completely 
determined by Laplace's formula. In the 

Segui os film moisture this drop is due not only to 
eaewies cane eronns the curvature of the interface, but also to 
to the critical value of the moisture ; ; 
notendat: the influence of the solid surface. 

Consider condition (4.10) for a disperse 

system consisting of identical spheres of 
diameter d_, fortwo moisture contents. For the first value, it is assumed 
that the meniscuses binding the capillary moisture elements have not yet 
joined, and that the curvatures of the section connecting their film and of 
the surface of the spheres are identical. However, the film sections are 
considered as negligibly small in comparison with the meniscus and 
particle dimensions. 

For close packing (Figure 4.1) the following simple geometrical 
relations hold: 


FIGURE 4.1. Close packing of particles 


b= Sri Ape, (4,11) 
Ano 2 
aa: aaa (4.12) 


where 6 is the neck thickness of the capillary moisture element, dsp the 
diameter of the spheres, and d,,the diameter of air-filled pores. With 
these two relations, (4.7) gives 


Kip OVO Be (4.13) 


For the moisture content under consideration 


4 (4.14) 
Api a = ae 
Sp 
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Substituting (4.13) and (4.14) in (4.10), we find that equilibrium between 


film and capillary moisture occurs in this case if P=>, 1.e., if the film 
Be 


can develop a positive disjoining pressure. 

When the moisture content increases beyond its first value, it is assumed 
that the film sections disappear and the meniscuses join. At the points of 
contact of the meniscuses, the liquid surface curvature will be determined 
by two principal radiuses of different signs: r,=—d,,/2 and re=+dspp/2. 

The latter expressions, (4.12) and (4.7) indicate that 


4g 1—V3 
Ap. = — 4,15 
Prt do, 2— V3 ( ) 
Substituting (4.15) in (4.10) and using expression (4.13) for Ap,, the 
following condition must be satisfied to maintain equilibrium between film 


and meniscus: 


20 | 
Sf = 
don l—V3 — 


i.e., equilibrium exists only if the film can develop a negative disjoining 
pressure as its thickness increases. Such a change of Sign is not usually 
observed /7, 8/. Therefore, for the second moisture content, equilibrium 
between film and capillary moisture cannot be maintained. Hence, the 
maximum value of soil moisture under which meniscuses and films can 
exist simultaneously corresponds to the moment at which the meniscuses 
join. 

The moisture potential » of a system corresponding to the maximum 
moisture content is called the critical moisture potential y,,. 

The possibility that film and capillary moisture exist simultaneously 
is expressed by 


p<. (4,16) 


As the moisture potential of the system increases, there comes an 
instant at which it equals the critical potential. At the moment that 
condition (4.16) breaks down, the pores should suddenly fill up with moisture. 
If the pores were already full of moisture and the moisture potential y»p 
decreases, then the capillary columns should break at the moment condition 
(4.16) begins to be satisfied. 

Condition (4.4) is now applied to two points within moisture elements 
situated at different levels, The origin of the coordinates is taken at a level 
corresponding to the moisture level determined by a piezometer without 
capillary rise, and one of the points is assumed to lie at this level. At 
this point Ap,=0 and Apy=0; thus, for the second point at a height h above 
the level of the first point, the following equilibrium condition holds: 


Ap, + Apy = — egh (4.17) 


or 
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If the second point belongs to meniscus moisture, then (4.17) reduces to 


Ap, = — pgh. (4.19) 


Conditions (4.17) and (4.18) can also be easily derived by considering the 
equilibrium distribution of vapor in the pores of a diSperse system. 

It will be shown below that, generally, in the presence of pressure drops 
due both to the curvature of the surface and the small layer thickness, 
Kelvin's equation should be written thus: 


p M 
De EXP Ea (Ap, + Ap,)| 
but according to the barometric height formula, the variation in the partial 
vapor pressure obeys 


Mgh 
P "RT 


—=>e 


Po 


Combining these two expressions, we again obtain 


Ap, + App = pp = — ogh. 


§ 2. EQUILIBRIUM OF LIQUID WATER IN A 
SOIL LAYER 


The relations found in $1 enable one to solve such problems as the height 
of capillary moisture rise, the possible thickness of the capillary fringe, * 
the moisture distribution with height of a layer of disperse system, etc. 

If the value ofp, given by (4.18), is substituted in condition (4.16), we 
find the height at which film and capillary moisture can no longer exist 
Simultaneously, i.e., the height at which the system can no longer remain 


saturated: 


gh p= — Per whence A = — 2 ; (4.20) 


For example, consider the particles described above, to which 
corresponds (as follows from (4.13)) the value 


Se OO (4,21) 
Vor Odo 


the height of capillary rise in this case is 


ae OO, (4,22) 
reP 08 soh 


The following experiments /12/ were performed to check relation (4.22). 
Steel balls were packed in a single layer between two glass rulers, whose 
edges were sealed with parchment paper. A parallel-plate column was 
thus created; its advantage over cylindrical columns is that visual 


* That is the moisture retained in the layer whose pores have a smaller diameter than the underlying material 
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observations of the moisture state in a disperse system can be conducted. 
Rulers of height 20 and 40cm were used, The general appearance of the 
parallel-plate column is shown in Figure 4.2. A microscope was used to 
observe the shape and dimensions of moisture elements at contact points of 
particles (Figure 4.3). The boundary between sections with complete and 
partial liquid saturation of the pores can be easily seen with the unaided 
eye (Figure 4.4), 


~ 


FIGURE 4.2. Overall view of a glass parallel- 
plate column, 


Formula (4.22) was checked for three liquids: ethyl alcohol, benzene 
and kerosene, with ball diameters of 1mm and 1.625 mm. 

For ethyl alcohol with o =25.5 dynes-cm~!, p=0.80g-cm-?% and dyn = 
=1mm, formula (4.22) gives hep=2.6cm. 

For kerosene with o=29,9 dynes: cm7!, p=0.81 ge cm? and d,,= 1mm, 
we have h.a =3.0cm. 

For benzene with 0 = 28.9dynes-cm~}, p =0.879g-cm~? and d= 
=1.625mm, we have f,,, =1.62cm. 

Figure 4.5 shows photographs of the capillary rise for the three cases 
considered. Complete agreement is indicated between theoretical and 
experimental results. 

A formula can be derived for the maximum height of the layer of capillary 
moisture, from the following simple considerations. 

The equilibrium condition (4.1) at two points of a liquid, one lying at the 
contact boundary of small-pore and large-pore materials and the other at 
the level where the saturation zone of pores in the small-pore material 
starts (Figure 4.6), gives the following: 


WEEE HtS +e 


or 


(Yo — v1) + ( — )) + 2 =0, 
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where p; and pz are the pressures in the gas, respectively, beneath and 
above the saturation zone. If we assume po=p;, the equilibrium condition 
reduces to 


4.23 


2; (P.-— Q,) = 0 


FIGURE 4.3. Variation in the size 8 of meniscus necks with 
height of the column. 
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Since ‘po=Wer.s and ti=Weri» where Pers and Wor.) are the critical 
moisture potentials for the small-pore and large-pore materials, and 
@o--G@i= 2 (Az— hy) =ghus , relation (4.23) takes the form 


Wer.s — Wer.) 


Asis ae c 


or, using (4.20), 


Asus = heaps — Means (4.24) 


Consequently, the maximum height of the layer of capillary moisture 
is equal to the difference in capillary rise heights in small-pore and 
large-pore soils. 


FIGURE 4.4. Boundary between sections with complete and 
partial liquid saturation of pores in a parallel-plate column. 


To check the latter relation, the parallel-plate column was filled with 
balls of two diameters: a layer of balls in the middle part of diameter 
1mm, and in the upper and lower parts of diameter 1.625 mm (Figure 4.7). 
After the liquid passed through the column and wetted the layer consisting 
of small balls, some of the pores were found to be saturated with liquid 
(benzene), 

If, for benzene, o =28.9 dynes-cm-! and p=0.879g-cm~3, formula 
(4,22) yields that for d,, =1.625mm, Acap=1.62cm, and for ¢,.=1mm, 
heap = 2.63c0m; consequently, according to formula (4.24), Au; =2.63— 
—1.62=1.01cm. 

The photograph in Figure 4,8 indicates that the calculated and experi- 
mental values are in good agreement. 

We also conducted observations of moisture distribution with the column 
height. The variation in the size 6 of meniscus necks with column height 
for an equilibrium moisture distribution is given /8/ by the expression 


sa [+ anh] (4.29) 
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FIGURE 4.5. Capillary rise of different liquids in parallel-plate columns: 


a—kerosene; b—ethyl alcohol; c—benzene. 


FIGURE 4.6. Scheme of liquid "suspension" at 
the contact boundary between small-pore 


Materials. 
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FIGURE 4.7. Moisture “suspension” at FIGURE 4.8. Moisture “suspension” at 


the contact boundary between small- the contact boundary between small- 
pore and large-pore materials. Appear- pore and large-pore materials. Appear- 
ance of the column before the passage ance of the column after the passage of 
of moisture. moisture. 


FIGURE 4.9. Curves of liquid distribu- 
tion over the height of the system: 


1— theoretical curve of equilibrium 
distribution; 2—distribution on the 
115th day; 3—distribution on the 60th 
day. 


Figure 4.4 (microphotograph) shows such a variation with height. In the 
lower part, directly above the capillary rim, the pore gaps have a circular 
form. This confirms the correctness of the assertion that the moment at 
which the meniscuses join corresponds to the critical moisture potential, 
after which films and meniscuses cannot exist simultaneously. 
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Figure 4.9 gives curves of the liquid (kerosene) distribution with column 
height. Over a period of about four months, the distribution curve of the 
meniscus-neck sizes did not yet agree with the theoretical curve. Sucha 
Slow approach to equilibrium is due both to the low capillary conductivity 
of the system and to the low rate of vapor flux by diffusion. 


§ 3. EQUILIBRIUM OF WATER VAPOR IN SOILS 


In the interests of generality it is convenient to consider Kelvin's 
equation not in the usual form, when the ratio of the vapor pressures over 
the two surfac2s is related to the interface curvature, but as a relation 
between the vapor pressures and the thermodynamic quantities characteriz- 
ing the phases in contact. 

An equilibrium condition between two phases in contact is the equality 
of their temperatures and chemical potentials: 


ba Miia 1 y= Dig ’ (4. 26 


where the subscripts ''va"' and ''liq'' refer respectively to the vapor and 
liquid. 

The differential of the chemical potential is given in general by the 
expression /10/ 


du=—SdT +vdp+dau, (4.27) 
where S is the entropy, v the volume and U the energy due to the presence 
of a gravitational field (all the quantities-are referred to a g-mol). 

If the system has a constant temperature in the liquid and gaseous 


phases, and the interface is at the same level, i.e., at the same gravity 
potentials, then (4.27) reduces to 


du=vadp. (4.28) 
When equilibrium conditions (4.26) hold, a change of chemical potential 
in one phase should correspond to the same change in the other phase. 
Consequently 
dh Ai, (4.29) 
Using expression (4.28) for dy, and dp,,, we obtain 
Ah = Cig Pri 2 dy a OAD is 
or, using condition (4.29), 


V4 Py, = Vv P va" (4,30 ) 


Since v,=RT/p,, and v,,=M/p (R being the gas constant, M the mass ofa 
gram-molecule, and othe liquid density), the following expression can be 
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derived from (4.30): 
(4.31) 


— RTp dpys 
od ay a ee 


For pressure drop at the interphase boundary, due to the surface 
curvature or the thinning out of the layer, equilibrium will be maintained if 


. 
_ARTo 7 dp, 4,32 
Ap, A M | Pe : ( ) 


Do 


where po is the equilibrium vapor pressure over a plane surface of infinite 
liquid volume, and p is the equilibrium pressure over the curved surface 


or the surface of a thin liquid film. 
Integration of the right-hand side of (4.32) yields 


_ Rly) p 4.33 
Ap = M a ( ) 
or 
(4.34) 


a = exp ate Ap .). 


This formula shows that the vapor pressure over a liquid surface is 
determined by the pressure drop Apiq in passing through the gas-liquid 
If this pressure drop is 


interface for the same solute concentration. 
determined by the interface curvature and expressed by Laplace's formula 


Ap = 6 (— 5 _| 


then expression (4.34) assumes the form 
ne ca (OL oe 
Po XP | aT; o(- T ma 


For a convex meniscus with principal radiuses of curvature n=rn=+r, 


we obtain 
(4.35) 


and for a concave meniscus with n=rn=—r 


hi seg. Dale 
= exp| RTor)* 


(4,36) 


It was shown earlier that in thin liquid layers on a solid surface the 
pressure drops when passing through either a liquid-gas interface or the 
curved bounding surface of a bulk liquid, are created in a similar manner 
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A reduced pressure —Apy, in the layer corresponds to a positive disjoining 
pressure & and an increased pressure +Apy corresponds to a negative 
disjoining pressure (for example, in free films of pure liquids bordering 
a gas on both sides). In our case we may therefore write 


AD = —e, 


i.e., the pressure in the liquid contained in films which envelop soil 
particles is lower than the atmospheric pressure by the magnitude of the 
disjoining pressure. The vapor pressure over such a film then becomes 


2 = exp(—ape A). (4,37) 


When one compares the vapor pressures over liquid for different solute 
concentrations c, an expression for p/p. can be obtained from the following 
consideration: as the concentration of solutes rises, the chemical potential 
for the solvent decreases by an amount /10/ 


Aig (C2) AY, 


where c is the ratio between the number of molecules of the solute and 
solvent, and the subscripts 1 and 2 refer to the two solutions with different 
concentrations (¢:>¢;). 

According to (4.28) Ajuig=igAPiq » and so 


_ (Co —¢,) RT 
Ei 
The osmotic pressure Apom=(¢2—)RT/v),,; hence 


MPig= 


A Digs —— AP osm (4.38) 
When this value of Ap, is substituted in (4.34), 


& = exp | Tira SPosm) (4.39) 


It follows from the latter expression that in the presence of a positive 
osmotic pressure Apom, the vapor pressure over the surface of a solution 
decreases. On the other hand, the vapor pressure over the liquid surface 
increases for a positive pressure rise, due to a variation in surface 
curvature or a negative disjoining pressure in the thin layer, which (as 
already indicated) is induced by an increase in the liquid pressure in the 
layer. 

Finally, consider an equilibrium distribution of liquid in the form of 
films and capillary moisture elements at the height of the soil layer, and 
let us find an expression for the equilibrium distribution of vapor concen- 
tration in pores at this height. 

It was shown earlier that the pressure distribution in film and capillary 
moisture in the case of equilibrium follows the hydrostatic law, the pressure 
in all the moisture elements being lower than atmospheric by an amount 


AP ig — PBA, (4.40) 


where A is the height of the point in question above the ground-water level. 
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For capillary moisture elements, this condition is provided by the 
curvature of the meniscuses bounding this moisture;* in the case of thin 
films, condition (4.40) is satisfied due to the pressure drop developing in 
the layer. This also results in a lower pressure in the liquid. 

Substituting (4.40) in (4.36), the water-vapor pressure in soil pores is 
given as a function of the layer height by 


’ 


p= pyexp(— M x iF (4.41) 


which is the well-known barometric height formula, giving the equilibrium 
distribution of vapor over the surface of a liquid. 

The equilibrium conditions imply that when they are violated for the 
liquid, they are also violated for the vapor phase. For example, suppose 
in some capillary moisture element the pressure falls below that in the 
surrounding elements, to which corresponds a decrease in the curvature 
of concave meniscuses (the soil moisture content then rises). As a result 
the vapor pressure rises in this element and vapor condensation starts 
moving toward meniscuses with small radiuses of curvature, i.e., in the 
same direction in which the fluid in condensed form will flow. 

The same effect will also be observed for an increase in film thickness. 
It follows from (4.37) that the vapor pressure over thicker films is higher, 
and consequently, vapor will move toward thinner films. 


§ 4. MOISTURE-RETENTION CAPACITY OF 
STRUCTURAL SOILS 


In considering the moisture-retention capacity of soils, one should 
distinguish between moisture retention in true (thermodynamic) equilibrium 
conditions and moisture retention under dynamic conditions. 

The former property of soils is characterized completely by the curves 
of adsorption and capillary condensation, or desorption and capillary 
evaporation, which relate the moisture of a system with the capillary 
potential p or relative pressure p/p, of the vapor in equilibrium with liquid 
moisture. 

The latter property is determined by the hydraulic conductivity of the 
system or aggregates at different moisture contents. The hydraulic 
conductivity of a system, in turn, depends.upon the geometry of the water 
flow, the water viscosity and shear strength. 

Thus, any moisture content which differs from the thermodynamic 
equilibrium value is transient. For a higher moisture content, moisture 
will flow to zones with lower moisture potentials, and for a lower moisture 
content, moisture will flow from zones with a higher moisture potential. 
This process is Sometimes so Slow that during plant development one may 
practically assume that the moisture content of the nonequilibrium states 
is a characteristic of the moisture-retention capacity of soils. 


* Since meniscuses bounding capillary moisture elements have two types of curvature, a pressure drop need 
not exist for all moisture contents. 
In the case of a high moisture content, the geometry of the meniscuses may be such that the liquid pressure 
will be not lower, but higher than the atmospheric pressure. Consequently, the vapor pressure over such 
meniscuses will be higher than over a plane surface. 
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Consider a soil model consisting 
of spherical particles, each of which 
comprises particles of the same shape, 
but of size lower in order. In their 
turn, these latter particles themselves 
comprise smaller particles, * where 
d,, dy, dj; are the particle diameters at 
each stage (Figure 4.10). Ina 
structural soil primary particles 
correspond to the first diameter, 
and macroaggregates’to the third. 
The problem of finding the moisture- 
retention capacity of a soil under 
thermodynamic equilibrium conditions 
consists in determining a relation 
between the system's moisture 
FIGURE 4.10. Model of soil aggregates. content and the relative pressure 

pip, of the vapor in equilibrium with 
a liquid, or a relation between the 
moisture content and the capillary potential wp. 

A relation between p/p, and ~is given by 


P  eMy/Rr Cee ee 
ra e or > Wi ne! 


where p is the vapor pressure for a given moisture content, p, the vapor 
pressure over a plane surface, T the absolute temperature, PR the gas 
constant and M the mass of a gram-molecule. 

The capillary potential is 


ie damned: 

p 
where Ap, is the interphase pressure drop due to the interface curvature, 
Ap; is the interphase pressure drop depending on the size of the bordering 
phases (films, a wedge, drops), and p is the water density. 

For capillary potentials between zero (corresponding to p/p,;=1) and 
some critical value ers (corresponding to the instant when the capillaries 
of macropores rupture), the soil will be completely saturated with water. 
After rupture of the capillaries, capillary wedges between the macro- 
aggregates and films covering the remaining macroaggregate surfaces 
not occupied by meniscuses will remain in the soil, in addition to all the 
moisture in pores within aggregates, As the potential » further decreases 
to a new critical value a2, the wedge sizes and the thickness of water 
films will decrease. When the value ‘cr2 is attained, the water columns 
in pores within macroaggregates are disrupted and new wedges appear 
at the points of contact of macroaggregates and the films. As the value of 
» further decreases, a moment arrives when for some value yw, ;, the water 
columns in the smaller pores are disrupted. 

If the system consisted of macroaggregates, microaggregates and 
primary particles, then after attaining the value }..,, moisture exists only 


* Michurin's model /11/. 
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as films and wedges. For lower vapor pressures only adsorption layers 
of molecular sizes remain on the particle surfaces. The critical potential 
depends upon the pore size. For example, for hexagonal packing of 
spherical particles /12/ 


80 
Vor fia 


where o is the surface tension; d is the particle diameter upon which the 
pore size depends. 

Depending on the direction of the condensation process, one should 
observe a hysteresis phenomenon even for an ideal geometrical model, 
in which the particles are in contact at all possible points. In this case, 
for a given potential p, the hysteresis should be due to imperfect wetting 
by water of hydration layers and to the instability of their enveloping water 
films. 

Thus, the determination of W(p), W(Ap), or W(p/p,), where W is the soil 
water content, reduces to finding the volumetric moisture content of the 
soil, which represents the water contained in capillary wedges and films; 
these volumes correspond to definite values of jp, Ap or p/ps. The moisture 
content of saturated pores is determined by the volume of these pores. 

If the packing geometry of the particles is known, the volume of every 
pore size can be easily calculated relative to some general volume of the 
system. The pore volumes, relative to a unit volume of their respective 
orders, for a three-stage system is given by the following expressions: 


Y= 1 — Ve 
V; + Yo= 1 => T 31 5, 
Vet V, -+- V;, — 1 =. TT oT), 


where 7, Tz, and 7; are the volumes of particles of the given size per unit 
volume of a system consisting only of such particles. 

Depending on the value of», the filling-up of given pores corresponds 
to a volumetric moisture content of (in %): 


Was =(Vi-t Vot+ V3) + 100 = (1 — 717273) - 100, 
War — Wae=(Vi- V2): 100 =(1 — 7172) T3 - 100, 
Wax — Waas— Mae Vi- 100 = (1 — 71) T2T3 - 100. 


We give some examples. For hexagonal packing in all three stages, 
T,=T,=T;=n/3V2. Accordingly, War= 59.2%; War— Ma = 33.4%; 
Was — Wa — Ma= 14.2%. For two-stage packing we find* W.:=45.4 %; 
War— Wa = 19.3%, 

The moisture content corresponding to the water content in capillary 
wedges is determined by the sum of the wedge volumes per unit volume of 


* These moisture contents were also obtained by Michurin. 
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the system. To determine this quantity for some value of y, one must 
know the corresponding water volume in one wedge, and the number of 
contact points per unit volume of the system. 

No exact, even simple theory exists at present of the formation of 
sorption elements at the points of contact of particles, taking into account 
the gravitational field and capillary effects of types I and II.* 

The relative hydraulic properties of some soil structure, which differs 
considerably from the model of spherical particles, can be found without 
exact calculations. One would use a simplified scheme, and assume that 
the meniscus profile is described by the arc of a circle and the surface 
curvature is determined by radiuses m and r, (Figure 4.11), 

The volumetric moisture content of the system due to capillary moisture 
content is given for a three-stage system by 


Ws = Wyatt Wet Ww, 


where Wys, Wwe , and Wy, are the additional moisture contents of the system 
due to the presence of wedges between macroaggregates, microaggregates 
and particles for the Same values of ,Ap or p/p,. 
In this case Ww 3=a3F3a3- 100, Wwo=ael Tea, - 100, 
W waa] ,ToT3a,-100, where a, a. and a3 are the 
number of contacts between each particle (in 
the respective stage) with its neighboring 
particles (for hexagonal packing a=12); ais 
the ratio between half the volume of a single 
wedge and the particle volume. The subscripts 
1, 2 and 3 indicate, as before, the degree of 
aggregation to which the particle refers. 

The value of a is given by the formula /13/ 


= 3 (be 1-99), 


where 0 is the polar angle (Figure 4.11). 
A relation between 6, and », Ap or p/p, can 


FIGURE 4.11. Distribution of soil 
moisture. 


be found from the relations 


r= 5(1+tg8— ), n=— Slag 1). 


cos 

The volumetric moisture content of the system due to film moisture 
content is given for a three-stage system by the expression Waimz: = Wim + 
+ Wiimet Wiis, where Wim, Wime and W,,3 are the additional moisture contents 
of the system due to film moisture covering the particle surfaces in the 
first, second and third stages of the system. These quantities are given by 
the following formulas: Wims=6s73- 100 ; Wéime=B2T 372° 100 ; Weimi =BiTs7 271 + 100, 
where fi, B2 and £3 are the ratios of the volume of film moisture covering a 
single particle of given size to the volume of the particle itself. These ratios are 


* The corresponding pressure drops are Ap, and Ap,,. 


15] 


peso as 
J 


where 2 is the surface area of the particle covered with a film, H the film 
thickness and da the particle diameter. 

In this case Q=n(d?—ady), Figure 4.11 shows that the value of dis 
related to the angle 6 (which depends on y, Ap or p/p;) by the expression 
dy=dsin@. As above, a gives the number of contacts of a particle with its 
neighbors. 


Om 46 60 8 100 12 140 160 180 200 
4p, g/cm? 


DQ 24 40 GB 10 120 140 160 160 20 
4p, g/ein? 


FIGURE 4.12. Total moisture content W vs.the inter- 
phase pressure drop Ap for three-stage systems with 
different particle sizes: 


a— d,=2:1074cm; d,= 2: 10°72cm; d,= 10-* cm; 
b— d,=107!cm; 4,=10-?cm; 4,=1073 cm. 


The total moisture content of a system is equal to 
W = Wat Wwt W tim: 


Figure 4.12 gives W(Ap) for various ratios of particle sizes in a three- 
stage system. Such curves can be easily plotted for a system with any 
number of degrees of aggregation and any sizes of the aggregates and 
particles comprising it. 

In a state of equilibrium the moisture potential is 


O=—yp+o=), 


where p and @ are the capillary and gravitational potentials. Therefore 
—p=q, and since g=gz (where z is the vertical coordinate of the point above 
the zero level) and p=Ap/p, we have z=Ap/pg. 

Consequently, for a specific weight of water pg~1(i.e., Ap is replaced 
by z) the curves describe the vertical equilibrium distribution of soil 
moisture. 
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Chapter V 


MOTION OF SOIL MOISTURE 


§ 1. TRANSPORT EQUATIONS FOR SOIL MOISTURE 


The present state of the transport theory for energy and mass in disperse 
systems enables one to tackle the problem of forecasting the water regime 
of soils and develop ways and means of controlling it, including automatic 
control /1/. 

In addition, the meteorological and hydrogeological forecasting conditions 
at the boundaries of the soil layer under observation must be reliable; this 
requires a system of meters and primary sensors to measure physical 
characteristics and thermodynamic quantities, and the development of their 
control theory. 

The theory of energy and mass transport in disperse systems developed 
in two main directions: 

1) determining why thermodynamic equilibrium is violated and investi- 
gating how to restore it; 

2) developing methods for solving the equations of energy and mass 
transport, in particular with the aid of digital and analog computers. 

Here, we consider some general aspects of the former problem and 
some particular solutions of moisture transport in soils in a temperature 
field, and in a field of gravitational and capillary potentials. 

When thermodynamic equilibrium (which has the form w=const and 
T=const, where yp is the chemical potential and T the temperature) are 
upset, the intensity of the energy and mass flux, directed at restoring 
equilibrium, depends on the degree to which the equilibrium has been upset. 

A second factor determining the flux intensity are the properties of the 
system. 

The thermodynamic potential of a dilute solution in the presence of 
external fields (e.g., gravity and electric fields) is 


@ = Nypo(p, T) + nkT In + ny(p, T)+ NU (x, y, z)+nU' (x, y, 2), 


where NW and n are, respectively, the numbers of particles of the solvent 
and solute; po is the chemical potential of the pure solvent; y(p, T) is a 
function depending on the pressure and temperature alone; U(x, y, z) and 
U’(x, y, 2) are the potential energies, respectively, of the solvent and solute 
particles in the external fields. 

The chemical potential of the solvent in a solution is 


ao 
b= Sa = Uo (p, T)— kT +U (x, y, 2), 
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and the chemical potential of the solute is 


,  O@ 
Wi Se kT In + (a TAU" (x, y, 2). 


It follows that’ the intensity of the mass or energy flux depends on the 
gradient of such parameters as temperature, pressure, concentration of 
solutes and potentials of the external fields. 

The rate of flux for given gradients of the above parameters is affected 
by the following characteristics of disperse systems: 

1. The geometry of the space occupied by phases within the system. 
This geometry usually depends on the ratio of the phase volumes, the 
specific surface of the interphase interfaces, and the distribution of the 
phase space and interphase surfaces over their characteristic dimensions. 

2. The distribution of solutes, electric charges and enthalpy along the 
normal to the interphase surfaces. 

3. The liquid viscosity, shear strength, and plastic resistance to shear, 
which is independent of the flow-velocity derivative along its normal. 

4, The diffusion coefficients of the dissolved particles and gas molecules, 
and the self-diffusion of the solvent molecules. 

5. The thermal and electric phase characteristics. 

When liquids percolate in soils, there is usually no turbulent momentum 
transfer across the flow. As aresult, the shear stresses are completely 
absorbed by the resistance, which is generally determined not by Newton's 
fluid friction law, but by Bingham's law /2, 3, 4, 5/ 


au 
a 


where t is the ultimate shear stress, yn the viscosity and “ the velocity 


derivative along its normal. . 
In this case the following general expression for the flow velocity follows 
from the theory of viscoplastic fluid flow in capillary systems: 


U, = — k, grad g,;, (5.1) 


where qi is one of the following quantities: yp, 7, c, V, or » (p representing 
the capillary potential, T the temperature, c the concentration of solutes, 
V the external electric potential, and g the gravity potential), In formula 
(5.1) a definite value of k; corresponds to each of the gradients ofg,;. This 
value takes into account the above-listed characteristics of a three-phase 
system, which are in turn functions of », 7, c, V, p and grad qj. 

Consider the case when the flow is determined by the liquid motion, and 
the shear stresses 1 in it satisfy 


To? > To Top (5.2) 


where t is the bulk shear strength, appearing in the motion as plastic 
resistances which are independent of the velocity derivative along its normal; 
ti is the analogous parameter for the boundary layers surrounding solid 
particles, One may here assume approximately that the shear stresses 

are incorporated in the viscous resistance: 


dad dad 
t=%+1Gp 1G. (5.3) 
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Under these conditions k; is independent of gradg;, and the total flow is 
given by /12/ 


v= — Xk, grad q,. (5.4) 
Substituting (5.4) in the continuity equation dW/d/=—div y, 


ow : 
ay = div (2A, grad 9). (5.5) 


For the one-dimenSional case this takes the form 


oF = 5 (ho $2) +5 [Ay ox) + als roe) t+ oe (Rese): 5.8) 


If condition (5.2) is replaced by tt2, and the orders of t and t are 
close to each other, equation (5.4) no longer holds. In this case /13/ one 
Should replace the equation v=—2Z&;(q;, gradq;) by 


= — Zk; (9;, grad ,) grad q;. 


For example, when a one-dimensional horizontal flow is induced by a 
varying capillary potential p, (5.6) has the form 


ow eal Ok op OW Dal 
pr a = (3 al + 0 (dW/0x) Ox? Ox’ ( 


In equations (5.5)— (5.7) we have the following additional notation: W is 
the moisture volume per unit volume of the system, ¢ is the time, x is the 
coordinate along which the moisture flux is considered and Mis the moisture 
potential (the sum of the capillary and gravitational potentials), 

The solution of the boundary-value problem comprising a system of 
nonlinear partial differential equations with variable coefficients and a set 
of initial and boundary conditions, is generally associated with great 
mathematical difficulties. Some particular solutions of the general 
boundary-value problem are given below. * 


§ 2. PARTICULAR SOLUTIONS OF MOISTURE 
TRANSPORT EQUATIONS 


Yakobs /6/ considered the problem under conditions of no external 
electric field, and constant solute concentrations along the flow. Flows 
due to a temperature gradient are not considered, but the effect ofa 
temperature variation along the flow on the capillary potential, and 
consequently on the potential ® too, is taken into account. 

Under these assumptions cquation (5.7) becomes 


oe = ay [bo (W) OED) 5 [bo (W) (Sip Ge + SP Bx)| = ax (D0 Ge + Or Gr) 
(5.8) 


* Recent investigations /14, 15, 16/ show that equations of the type (5.6) are only valid for nearly steady- 
state processes. 
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where Do=ke 4 is the diffusivity of soil moisture and Dr=ke <> is the 
thermal diffusivity of soil moisture. 
The boundary-value problem is considerably simpler if the soil is 
assumed vertically homogeneous, and that within a small time interval 
(from several days to a month, 
: depending on the soil type) De and 
| D,; are constant both in time and 
over the soil depth (linearization of 
the initial boundary-value problem). 
A further simplification is achieved 
by determining experimentally (from 
meteorological data) the temperature 
as a function of a linear coordinate 
and the time /6/. 
Under these conditions (5.8) 
— SS reduces to 


eee — 


Cround-water 
Zone 


FIGURE 5.1. Scheme used for solving the boundary- ob. Do “Ox? 
value problem of the vertical moisture distribution 


Pie eee one ee with the foilowing boundary conditions 


(shown schematically in Figure 5.1). 
The initial condition: the moisture is distributed over some soil depth 
at time t= 0, L.e., 


W (x, 0) = fiz (x). (5.10) 


The first boundary condition: the moisture content of the lower soil 
boundary (x =0), which coincides with the upper boundary of the ground- 
water zone, iS Maximum, W,,,,. In this case 


W(0, t) = Wray = const. (5.11) 


The second boundary condition: all the moisture arriving at the soil— 
air boundary evaporates. This condition has the form 


oT (1, t 
Do A) _p, SL) — (wi. )— Wed. (5.12) 


where B is the coefficient of moisture exchange and W,, is the soil moisture 
content in equilibrium. 

The simplified boundary-value problem described by equations (5.7)— 
(5.12), has a particular solution only when 


D, oT (I, t) 
W imax = Wea ——- 


cen (5.13) 


Equation (5.13) hardly ever holds, and therefore artificial methods must 
be sought to solve the problem. One of these consists in replacing the 
condition of a constant maximum moisture content of the lower soil surface 
by the condition that at the initial moment a lower soil layer of some 
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thickness has a moisture content equal to the maximum and overlies an 


impervious layer. 
The first boundary condition should then reflect the fact that water cannot 


penetrate through the impervious bounding surface, and (5.11) therefore 
becomes 


OW (0, t) 
Ox =0. (5.14) 


The variable W(x, f) is now replaced by a new one, /(x, t), where 


D, oT Ul, t) 
I(x, t= W(x, )—- Wat ae a. (5.15) 


and /(x, t) is known for all x« and f¢, 
Using expression (5.15) and the above assumptions, the transformed 


boundary-value problem is 


ODD, ane) Loli f), (5.16) 
Hx, 0) = fir) — Weg ge AE = f(x), (5.17) 
a) 0, (5.18) 
—~ Dy HE — prt, 2), (5.19) 


@T (x,t) | D, &T (Lt) 


where f(x, t)=De —jaz— ar eer a and / is the distance from the soil 


surface to the impervious layer. 
The solution of the boundary-value problem (5.16)—-(5.19) in dimensionless 


form, after transforming to the former variable W(x,?), is 


. x D., aT (x, T) 
W (x, #) = >) A, exp (— pF) COS Ba + Wea —: (5.20) 


n=) 


where p,is the root of the characteristic equation 


l 
Cty Ua = Br Uae (5.21) 


D t e e e e l ° . ° e 
F,=-—,- is the Fourier criterion, and B,= gp— is the Biot criterion, The 
ceo) 


coefficients A, are given by 


! fo 
A, # J tov cosy dx +| [HU Hos, FexpQar) dx ae] (5,22) 
0 


ee ae cl: er 
Ha -+ SIN Py COS Hy 


The temperature distribution with soil depth over a considerable area 
of the USSR (with the exception of the southern regions) was studied. The 
results show that the temperature gradients are small, thermal moisture 
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conductivity may be neglected without introducing a large error, and 
moisture transport may be considered as isothermal. In this case, iteration 
of the function /(x, 0) (see Figure 5.2) in the form 


) 


A, soa] b (li— sin ast Yi (84+ de-1) cos 4" x, (5.23) 
R=) k=O 


l 
ila $f SIN Uy COS Hy Lp 


may be used, where 


Lom, 

= Xp—Xpia 
The annual moisture-content march is calculated over individual 

successive time intervals (week, ten days, etc. ), within which all the 
coefficients are assumed constant. The precipitation dates within the 
indicated Small time intervals are equally probable. Therefore, all the 
precipitation is taken as occurring at the end of the interval. It is absorbed 
(the absorption time is assumed negligibly small) and fills up all the air 
pores inthe upper, permeable layer, imparting to the soilamoisture content 
Wmax- Lhe depth of wetting, H,, is given by 


Hw=— (5.24) 


where | is the surface equivalent of the precipitation column; § is a 
coefficient representing the fraction of precipitation which infiltrates; 
nis the soil porosity; W is the upper soil layer moisture content before 
infiltration. 

The moisture-content distribution with soil depth is found at the end of 
the first interval, allowing for constant moisture content (Wmax) in the 
arbitrary soil layer (which replaces the effect of the ground-water zone) 
and precipitation penetration to a depth H. This is taken as the value of 
the function /,(x, 0) for the second 
interval, and soon. It is clear that the 
resulting moisture-content variation is 
to a certain extent averaged. 

A program, based on the above 
algorithm, was prepared for the compact 
high-speed universal digital computer 
"Minsk, '' with the aid of which the annual 
moisture-content march over 14 levels 
(from 2.5m to the soil surface) of loamy 
soils was calculated from known 
meteorological data in the neighborhood 
of Rostov-on-Don. The annual march 
of the electrical resistance of a vertical 
FIGURE 5.2. Iteration of the function / (x, 0). groud rod driven into loamy soil, was 

calculated in the same region for 
comparison, The calculated and experimental values were in satisfactory 


agreement /7/. 
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Korchunov /8, 9/ calculated moisture movement in peat deposits under 
the following assumptions: no external electric field; constant temperature 
and concentration of the solutes along the flow direction. Equation (5.7) 
then becomes 


aW aD om 
= ) (5.25) 


O t 
V Gm “Ob Ox \"? Ox 


where y is the bulk density of a dry sample. 

When solving equation (5.25), one cannot always neglect the variation in 
ko duetoavariation in the potential. Luk'yanov's hydraulic integrator /10/ 
is convenient for solving such problems. 

In solving a problem with variable coefficients, the hydraulic resistance 
of the tubes and the cross-sectional area of the integrator elements must 

be continuously varied. The latter can be 

accomplished by preparing complex-shaped 
P g.cm/g elements corresponding to the dependence 
of the potential upon the moisture content. 
In practice, the coefficients are varied in 
steps, averaging the moisture coefficients 
over a sufficiently narrow range of 
variation in the potentials. For example, 
when studying the water regime of drained 
peat bogs, it is quite sufficient to vary the 
moisture coefficients for potential variation 
steps of 25g-cm/g. Such a technique yields 
reliable and important results in practice 
[Ail 

Figure 5.3 gives an example of the 
potential and moisture-content functions 
(in % of the weight of a moist sample) for 
the surface layer of a bog with moderately 
decomposed peat after a short storm of 
40mrn precipitation for various initial 
ground-water levels (H =50, 100, and 
200cm), 

The hydraulic integrator can be 
successfully used to solve problems for 
a peat deposit and soil with nonuniform 
hydraulic properties, for known corresponding moisture coefficients. Such 
solutions are obtained for deposits whose upper part consists of weakly 
decomposed peat. 

The water regime of a peat bog can also be calculated by this technique 
during the entire season of peat extraction; corresponding results are given 
in Figure 5.4, where the solid curves represent the actually observed 
moisture potentials at depths of 5 and 40 cm, andthe dashed curves 
represent the integrator results. A number of assumptions were adopted 
in the solution, e.g., the ground-water level was assumed not to vary (this 
is close to reality in well-drained raised bogs), surface evaporation was 
assumed to be constant during the season, and the rise in evaporation rate 
after rainfalls was ignored. All these points could be accurately accounted 
for in the solution. Despite the simplifications, a comparison of the 


Wx 20 40 La G0 days 


FIGURE 5.3. Time variation in the 
potential ® and moisture content of 

4 peat bog for different ground-water 
levels H after 40mm precipitation fall. 
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calculated and actual potentials led to the conclusion that satisfactory 
agreement exists between experimental! data and the theoretical results 
for complex soil and meteorological conditions. 


SRRRRRAL OP \RAREEE 
ane amie 
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Potential, g-cm/g 


Oe ae ee ee My ted 
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Precipitation, mm 


FIGURE 5.4, Comparison of experimental and theoretical 
potentials M at depths h=5cm and A=40cm., 


The hysteresis phenomenon is observed not only on the curve of potential 
vs moisture content, but also for the curves of all the moisture coefficients 
vs potential /8/. The magnitude of the hysteresis is so large, that it cannot 
be neglected even approximately. When the solution was found using the 
integrator, this fact was taken into account by choosing coefficients which 
correspond to sorption or desorption in each integrator element. * 

The use of the integrator is particularly effective for a series of 
comparative calculations. The solution of the moisture-conductivity 
equation on integrating devices for reliable moisture coefficients and 
unique conditions, is a reliable and promising method of calculating and 
forecasting the water regime. 


§ 3. HYDRAULIC CONDUCTIVITY OF A TWO-PHASE 
SYSTEM 


The moisture flux per unit area of any cross section is given, according 
to Darcy's law, by 
q=— Ki, 


where / is the head gradient, and K is independent of the head gradient for 
a Newtonian fluid and is called the hydraulic conductivity. 

The hydraulic conductivity is determined by the fluid viscosity and pore- 
Space geometry, i.e., by the dimensions and shape of the pores. 


* Hysteresis can also be taken into account using a digital computer, as shown by Rubin /17/when solving 
percolation problems. 
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In the simplest case, when the pores are parallel circular cylinders of 
equal radius, the hydraulic conductivity is given by an expression which 
follows from Poiseuille's well-known formula 


_ anriog 
K “By? (5.26) 
where r is the radius of the capillaries, o the density, g the acceleration 
of gravity, y the viscosity and a the number of holes per unit section. 
The porosity n and specific surface 2 of such a filter are given by 


n=anr? and Q=a2nr; 
hence 73/Q?=anr‘/4 , 
Using this relation, (5.26) may be replaced by 


aes WEDS 5.27 
tie 21627 * ( 


When the capillaries in the sample are not straight but irregular, another 
numerical factor must be introduced in (5.27). In general 


_ 4 egns 
K= Ato. (5.28) 


If we write Darcy's law for horizontal flow in the form 


q=Ki,, 


where /, 1s the pressure gradient, then the hydraulic conductivity is 


= OF (5.29) 


Expressions (5.28) and (5.29) also hold when the filter comprises a 
system of pores in some volume filled with approximately spherical or 
cubic particles. The existence of stagnant zones in such pores and the 
irregular paths reduces the numerical factor A toa value = 0.2. 

An expression for the hydraulic conductivity can also be obtained with 
the help of such quantities as the height of water rise in capillaries ofa 
given size and the volume of moisture filling the pores. The former 
quantity is given by the well-known formula 

heap = ae cos 0, 
where o is the surface tension and @ is the angle of wetting. 

For the specific surface Q=a2nr, The volumetric moisture content 
W=n-100%, and consequently W=anr?:100%, Combining these expressions, 
we find that for 6=0 


Q— Lo hear (5.30) 
and 
R210 A. (5.31) 
Whe a 08 
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Suppose the pores have different sizes, and that pores whoSe Sizes are 
of the same order of magnitude are interconnected throughout the whole 
porous system, i.e., parallel flow over paths of different porosity and 
Specific surface. 

This case is encountered in structural soils consisting of macroaggregates 
jointed by micropores, the latter consisting of microaggregates, and primary 
pores connecting microaggregates, which are composed of primary 
particles. 

In the case of such a polydispersed structure, the moisture flux is 


10-7 AW AW AW 
q= 07( Ay g- + A,— > + As— = )r 
PF TNA cap Noha p2 "gla Ps 


If the numerical factor A and the viscosity yn are identical for all the 
paths, the hydraulic conductivity has the form 


= AW, ae 


2 2 2 
Pen capt Reape *capg 


where AW is the fraction of the volumetric moisture content in pores of 
a given size when they are saturated, and A,,,is the capillary rise 
corresponding to these pores. 

If the function 4,.,(W) 1S continuous 


Ww 
ie (5.32) 
pene Aap 


§ 4. HYDRAULIC CONDUCTIVITY OF A THREE- 
PHASE SYSTEM 


In unsaturated soil, the moisture flux is generally a function of the 
volume and surface conductivities. For parallel flows 


9= (Kit Kur) 


where K,., and Ky are respectively the volume and surface hydraulic 
conductivities. 
If the elements of bulk and film moisture alternate 


l 
i a er 
Kit ® 


sur 


q f, 
where K\,, and Ky, are the friction coefficients of bulk and surface 
fragments. 

In the first case formula (5.32) can be used to determine the volumetric 
coefficient K,,, of hydraulic conductivity, but the integration should not be 
carried out from zero to the full moisture capacity of the soil, but from 
zero to that moisture content for which the hydraulic conductivity of the soil 
is being determined. 
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Let us determine the surface hydraulic conductivity. The flux per unit 
film perimeter is 


Consequently, for the above porous system with cylindrical pores the film 
flux per unit cross section of the sample is 


a2nr lH? 
or, Since alnr=2, 
QUH®* 
=——/ 
=o, 
For more complicated pores 
QH3 
q=a——f, 
whence 
QHH3 
Ky =o n 5 (5.33) 


where a is a numerical factor. 

The relation between the film thickness H and capillary pressure Ap is 
determined by the character of the disjoining-pressure isotherm. For 
example, if 


where C is the disjoining-pressure constant, (5.33) assumes the form 


QC 
Kui aG- (5.34) 
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Chapter VI 


EVAPORATION FROM CAPILLARY-POROUS BODIES 


§ 1. EVAPORATION FROM CAPILLARIES 


This treatment of evaporation from capillaries and capillary-porous 
bodies is based on the work of Dervagin, Nerpin and Churaev /19, 20/. 

When the liquid in a capillary is in equilibrium, a polymolecular film, 
whose thickness decreases with elevation according to a definite law, forms 
over its meniscus. This law canbe foundif the disjoining pressure #/ or the 
vapor pressure p of the film is known as a function of its thickness H. If, 
however, the partial vapor pressure of the liquid differs from that corre- 
sponding to equilibrium with the liquid meniscus in the capillary, there will 
be either evaporation (which is what we shall consider), or condensation 
on the meniscus. 

If the radius r of the capillary is small, the rate of this process is 
determined not only by the flux of vapor diffusion through the gas, but also 
by the flux carried by the fluid film in its flow due to the gradient of the 
thickness H, For simplicity, we consider the rate of steady evaporation, 
which occurs if disappearing liquid is replenished and therefore the distance 
x from the meniscus (the origin of the coordinate x) to the mouth of the 
capillary remains constant and equalto L. The vapor pressure at the mouth 
is assumed constant and given by 


P= Po; (6.1) 
near the meniscus 


p= P\- (6.2) 


Finally, for small ratios r/L, the film and vapor in each cross section of 
the capillary is considered, in the first approximation, to be in thermo- 
dynamic equilibrium and, consequently, their chemical potentials, being a 
function of x alone, will be equal. From the condition that the process is 
steady it follows that 


Q=Q+ Q,= const, (6.3) 
where Q) is the vapor flux and Q; is the liquid flux in the film. 
Using the Fick law and the hydrodynamic equations of thin films, and 
neglecting the ratio r/L in comparison with unity, we obtain 


Q=—arDerad p+ Amragrac? = const, (6.4) 
m 


where D is the diffusion coefficient of water vapor, p is the molar 
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concentration of the vapor, & is the disjoining pressure of the film and 
Vv», 1S its moiar volume. AsSuming that the film viscosity equals its bulk 
value yn and neglecting slippage atthe wall, the film conductivity is given by 


fd (6.5) 


If » is replaced by the vapor pressure p and (6.5) is applied to (6.4), this 
latter equation becomes 


Q=— uli grad p+ — er A" grad F = const. (6.6) 


It is important to note that H is a function of #. Integrating (6.6) from 
x=0 (p=p;) to x=L (p=po), we obtain 


mr?D (p; — Po) 2nr 
B= Po 4 2 , | a= Q. (6.7) 


The total evaporation rate Q is the sum of the formally mutually 
independent fluxes of diffusive and film transport. In fact, the first term 
on the left-hand side of (6.7) can be obtained from the Fick law by ignoring 
film transport, and the second term from the equation of film flow in the 
absence of vapor diffusion, However, both processes infact interact, since 
otherwise the chemical potentials of the vapor and filmin eachcross section 
wouldbeunequal, Thus, in the absence of film transport, the vapor pressure 
would fall along the capillary strictly linearly. In the case of purely film 
movement (if the vapor diffusion coefficient is zero), the product 


He £2 —const along the capillary, as follows from (6.6). 


Since the disjoining pressure and the vapor pressure over the film are 


a H™RT dp 
3 — oe oe 
eee ae =const. 


related by Inp/p, =—unA7/RT, we obtain AH? —— 
This condition is compatible with ‘eibies saad only if the film thickness 
and the vapor pressure are related thus: p=BH3, Since this relation is not 
generally observed, the assumption of constant film and diffusion fluxes 
along the capillary is invalid, The steady character of the process is 
determined only by the constancy of the total flux; in this caSe evaporation 
from the film surface takes place along the whole capillary, providing (in 
the first approximation) thermodynamic equilibrium exists between the film 


and vapor in the radial direction. * 


* The existence of evaporation from the film surface indicates that a thermocapillary flow may exist in it, 
being govemed by the relation 


2mr 
Qn = 7¢ grad o, 


where o is the surface tension and g; the film conductivity in the case of a thermocapillary flow, equal to 
q:=H?/2n . The temperature variation along the capillary in the case of low wall thermal conductivity 
also affects the diffusive part of the flow. Since these corrections (proportional to the second derivative 
of the film or diffusive part of the flow with respect to the coordinate x) are small, they are disregarded 
in the following. 

Evaporation from the film surface may also result in a concentration gradient of solutes (molecules and 
ions) in it. When considering soil particles, capillary-osmotic and electroosmotic slippage of moisture 
intensifies film transport, which is also ignored for the time being. 
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The calculation of the integral in equation (6.7) is complicated by the 
fact that the isotherms of the disjoining pressure (ff) are in general little 
studied. Depending on the nature of the forces inducing a negative disjoining 
pressure in a liquid film, the following isotherm variants may be considered. 

1. The disjoining pressure is due to repulsion of diffusion ion clouds. 
For strongly charged surfaces (> 100mv), corresponding to the conditions 
existing in many porous bodies (e.g., soils), an approximate dependence of 
fon H, similar to Langmuir's equation /1/, was obtained by Deryagin and 
Landau /2/. When a liquid film borders on a solid surface and a gas, this 
equation, as shown earlier, becomes 


P= =(S) wah (6.8) 


where k is is the Boltzmann constant, z the electrovalence of the dominant 
ion, e the electron charge and e the dielectric constant of the solution. If 

e =80 and T=288°K, 4; =2.16-10°7 dyne (for z=1) and A:=0.54-10-'‘dyne 
(for z2=2), Following /4/, it is assumed in equation (6.8) that the disjoining 
pressure in a one-sided film of thickness H is the same as the pressure in 

a layer of thickness 2H between solid surfaces charged to the same 

potential wo. 

2. The disjoining pressure is due to molecular interaction forces. The 
dependence of the disjoining pressure on the thickness of the liquid film 
(sufficiently thick in comparison with the boundary phase layer) is given 
by the formula /3/ 


Pat. (6.9) 


In subSequent calculations the value of the constant is taken as A». = 
=5-10-“ erg. We note that this type of relation was used earlier /5/ to 
approximate the disjoining-pressure isotherms obtained in the experiments 
of Deryagin and Kusakov /6/. For the thinner water layers forming the 
boundary phase at the hydrophilic surface of glass, a logarithmic dependence 
is preferable /7/. 

3. One may also consider a solution which takes into account the joint 
effect of molecular and ionic-electrostatic forces: 


Fah 4 (6.10) 


where A,and A, are respectively the constants in equations (6.8) and (6.9). 
Solutions of equation (6.7) for different functions H(f)are given below. 
The estimation of the integral in this equation is usually facilitated by the 
fact that small values of H make a small contribution to the integral, as 
a result of which one can consider only small values of # close to the 
saturation point, Near the meniscus #=—& is equal to the difference in the 
capillary tensions of the meniscus and the cylindrical surface of the film. 
Consequently, the lower integration limit is 


Pus’ (6.11) 


r 
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The upper integration limit is taken as 
Sf, = — Le Sa (6.12) 


To simplify the calculations, the disjoining pressure is taken everywhere 
positive. For Po/pPs<0.9, when sections of the film near the capillary mouth 
have low mobility, the upper limit of the integral can be taken as oo without 
introducing any appreciable error. 

We introduce U (cm?2/sec), a linear rate of evaporation from a capillary 
at L=1; 


UY xx Sent | (6.13) 


mur? 


whose physical meaning and dimension follow from the equation of quasi- 
steady evaporation (drying) 


Stale (6.14) 
dt L 

or integrating, 
L* = 2Ur, (6,15) 


where t is the drying time, measured from the moment when L= 0. 
In accordance with (6.7), the evaporation rate can be represented as 
the sum 


U=U,+ U;. (6.16) 


If one neglects the correction to p for the meniscus curvature and sets 
pi=p., the first term will be 


'mD (Ps — 
U, == ta Ps Po) (6.17) 


where U,. gives the linear evaporation rate from a capillary calculated by 
the usual diffusion theory, disregarding film transport. 
The second term in equation (6.16) is 


Fo 
2 
Uae | Had (6.18) 


from which the following solutions are obtained: 
for the isotherm of H(#) following equation (6.8) 


s/, 
Ua ae): (6.19) 


for the isotherm following equation (6.9) 


2A Po, 
U;= Fp Ine > (6.20) 
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for the isotherm following equation (6.10) 


2 Hi, 
Uy = x [2A (H, —Hy) + 8A, In | (6.21) 


The values of H, and H, (the film thicknesses at the meniscus and mouth of 
the capillary) can be determined in this case for the values f,and /) given 
by (6.11) and (6.12), with the aid of the equation 


PH — AH ~ A,=0. (6.22) 


The solutions obtained were used to find the relations between the linear 
evaporation rate U, and the capillary size r and relative humidity go =Po/Ps 


UV, cm*/sec 


io 


FIGURE 6.1. Evaporation rate U from 
capillaries as a function of their radius 

r for various values of the relative humi- 
dity @) of the environment: 


I— qm= 0.5; 2—q= 0.9; 3— gq = 0.99. 


of the environment in which the evaporation 
takes place. The calculated results are 
presented as graphs in Figure 6.1. The 
values of U, (the dashed lines) were 
determined from equation (6.17), and the 
values of U=U,+U, (the solid lines) for 
various r and qg were calculated for 

Figure 6.1a from equation (6.19), for 
Figure 6.1b from equation (6.20) and for 
Figure 6.1c from equation (6.21), 

The calculations were made for f =15°C, 
D =0.25cm*/sec, o=73 dynes/cm and 
z=1; for the film, as well as for the water, 
e=80, vm =18cm?/mole and n=0.01 poise. 
As the values of the constants (A) for 
capillaries and soil particles are deter- 
mined more accurately, the character of 
the data obtained should not change. With 
regard to the values of yn and e« for thin 
films, available dataareas yet insufficiently 
exact to be used in calculations. The most 
reliable data /9—11/ point to a possible 
rise in viscosity and decrease in ¢€ as 
compared with the bulk values for water. 

It follows from the graphs that the 
general character of the relations obtained 
is the Same in all the cases. The role of 
liquid transport increases with increasing 
relative humidity ¢o and decreasing capillary 
dimensions. The former fact is due to the 
rise in film thickness and the increase in 
its conductivity, and the latter fact to the 
increase of the ratio H/r, which determines 
the extent to which film transport 
participates. For a low partial pressure 
of the water vapor in the surrounding 
environment (@< 0.5), film motion can 
increase the evaporation rate by no more 
than a factor of 1.5—2, and only in 
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capillaries with r< 107°cm. For values of go close to unity, moisture flow 
in a liquid film affects U considerably more. In sufficiently narrow 
capillaries, the evaporation rate may rise by more than an order of 
magnitude. Calculations performed to study the mechanism of moisture 
transport in evaporation from capillaries lead to a similar conclusion /8/, 

We turn now to an analysis of available experimental data on water 
evaporation from capillaries to stationary environments with various 
relative air humidities /12, 14/, In these experiments the moisture 
evaporation rate i g/cm’.sec was determined by observing the displacement 
of the meniscus in single glass capillaries of various diameters under 
isothermal conditions. The rate of evaporation was calculated from the 
equation 


Li 
ea (6,23) 


where p; is the water density. The values of U were determined from the 
slope of the linear relation 1/L=F(i), which was set up on the basis of 
experimental data. 

Table 6.1 compares values obtained for U with theoretical results given 
by diffusion theory by means of equation (6.17), as well as by the equation 
given below taking into account the Stefan flux, namely 


— mm Pn, Aum Po 24 
U, BT Lire a m (6.24) 


where py, 1s the barometric pressure. 


The values of the diffusion coefficients were determined, as in /14/, 
from 


D=D,(7-)( 4). (6.25) 


bm 


where Dy=0.23cm?/sec for 7, =273°K and pony = 735.5 mm of mercury. 


TABLE 6.1. Evaporation rate for various capillary radiuses 


108 om? 
‘ v- 108. yu," 10°, cem*/sec 
t, ad @ 2 2 . 3 
cm“/sec cm"/sec | following | following 
(6.17) (6.24) 
23 


5-107? 
9.5°107? 
ions 
6-10-4—5-10°5 
4.5°1075 


* Experimental data of the Radiochemistry Laboratory of the Kalinin Peat Institute. 


This table indicates that the experimentally obtained values of the 
evaporation rate are higher than those calculated by the equations which 
only account for the transport of moisture in vapor form. For pores with 
r =4,5-10-° cm, the difference between U and U, is small, since for these 
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values of r (6.17) and (6.24) give values which are too high due to the 
transition to a Knudsenian regime of vapor transport. Thus, the data 
presented confirm qualitatively the main conclusions of the theory of 
moisture evaporation from capillaries accounting for film moisture transport. 
The important role of film transport in water evaporation in the isothermal 
drying process was experimentally established in studies of the mechanism 
of moisture flow in capillary-porous bodies with the aid of a radioactive 
tracer /15, 16/. 

In conclusion it should be noted that as a result of the possible existence 
of two thermodynamic-equilibrium thicknesses of polar fluid films /3, 7, 17/, 
the evaporation rate U may depend both on the evaporation conditions and 
the history of the process. Thus, in the case of evaporation from a capillary 
tube in which the fluid is lifted to elevation L, and water adsorption on the 
walls takes place from the gaseous phase, there may be no fluid flow due 
to special properties of the adsorbed layers forming the boundary phase. 
Here the evaporation rate will be mainly determined by vapor diffusion. 
When evaporation takes place from a water-filled capillary, at whose 
surface a thicker fluid film with the usual structure remains after the 
recession of the meniscus, conditions are created for the acceleration of 
evaporation due to film moisture transport. 


§ 2. KINETICS OF MOISTURE EVAPORATION FROM 
CAPILLARY-POROUS BODIES 


Consider the kinetics of water evaporation from some model capillary- 
porous bodies. In this case, in contrast to well-known studies /18/, 
we will attempt to find solutions which are based on the transport equations 
for moisture in liquid and vapor form, in the pore space of the models. 
The first model is a system (Figure 6.2) consisting of vertical capillaries 


with two different radiuses r, and r,, connected to one another along the 
entire length. 


= ee ce 
Y OL, Wits 
é 


ly 
ad 


FIGURE 6.2. Capillary models of a porous body. 
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If a constant relative air humidity go< 1 is maintained in the surrounding 
environment, moisture evaporation from the surface of the capillaries and 
formation of concave meniscuses will start. If go is lower than the relative 
vapor pressure ¢: over the meniscuses of maximum curvature in the large 
capillaries, then further evaporation will result in a lowering of the 
meniscuses in them to a level defined by the coordinate X. Under isothermal 
conditions the amount of moisture evaporating from the large capillaries is 


Dp.MF, (©; — ® 
q = Per (g/sec), (6.26) 


where F;, is the total cross-sectional area of the large capillaries, D is the 
coefficient of vapor diffusion in air, x) is the reduced thickness of the 
boundary surface layer /18/, p, is the partial pressure of saturated vapor 
at temperature 7, M is the mass of a gram-molecule of water and R is the 
universal gas constant. The relative air humidity over the meniscuses of 
the large capillaries (appearing in equation (6.26)) is 


oe 20M 6.2 
w= exp (— ar), ( 7) 


where p is the density and o the surface tension of the water. 

It is assumed that the capillary walls are completely wetted by the water 
and the dimensions of the large capillaries are such that the influence of 
film moisture transport in them may be neglected /19, 20/. 

As long as the difference between the capillary pressures at the 
meniscuses of the small and large capillaries is sufficient to raise toa 
height X an amount of water which can evaporate from the small capillaries, 
the position of the meniscuses (their curvature gradually increasing)in them 
will remain unaltered. The amount of moisture evaporating from the narrow 
capillaries will, in the latter case, be 

p= CPt Ma © (g/sec), (6.28) 
where F, is the total cross-sectional area of the Small capillaries and gy, 
is the relative air humidity over the surface of their meniscuses, where 
Pi>Pur G2. Here, g2 is the relative air humidity over the meniscuses of the 
small capillaries when their curvature is maximum, and is given by 


oy 20M 6.29 
p= exp| RTT) ( 


The fluid flux through the small capillaries can be represented, on the 
basis of Poiseuille's law, by 


Fore 
= gx Ap—pex), (6.30) 


where yn is the water viscosity and Ap is the difference between the capillary 
pressures, which causes the flow, and is equal to 


Ap=20(—-—2); (6.31) 


sur Fy 
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fur 1S the instantaneous radius of curvature of the meniscus in the small 
capillaries at the surface of the model body. The critical value of Ap, 
henceforth denoted by Ap,.,, is determined by f,=r,. From (6.27) and (6.31), 
we have 


A\pM 
Oe 1 EXD ( ORT) (6,32) 


Using this expression, a relation can be derived between q,,, and X (the 
meniscus elevation in the large capillaries), Eliminating q. from equations 
(6.28) and (6.30), we obtain 


— ___PCRT/M) In gil sur 6.33 
i 8y\ DpsM (Psu Po) 4 op ( 
re RT Xp, 


The condition under which the meniscuses in the narrow capillaries do 
not yet drop can be written as follows: 9,7 or Ap<Ap.,. The meniscus 
position X,.,in the large capillaries, for which the meniscuses in the small 
pores begin to drop, can be found from (6.33) by setting 9, =q2. The result 
is 


xX — 200 /re— Uri) (6.34) 


cr 88n 4 
pa Ft eS 
If X<X.,, the position of the meniscuses in the small capillaries coincides 
with the surface of the porous body, and if X>X,, they begin to recede into 
the interior of the sample. 
The rate of moisture evaporation from the model capillary-porous body 
in the first dehydration stage, characterized by the conditions X<L<X,, and 


X<Xi<L, 18 


7 it 92 __ FX (Pi — Fo) CL) (Psurm Po) (6.35) 
en 3 =bleteydee T 1—qQ |. 
where 

: Dp.M(t— 

ig Pe (6.36) 


is the rate of evaporation from a free water surface under the experimental 
conditions; n=F,/F (F=F,+F,) is the ratio of the number of large capillaries 
to the total number of capillaries in the 1nodel body. 

For macropore bodies (r.> 107-*> cm), gy, and gq: differ only slightly from 
unity. In this case 


i nxX 
i ee (6.37) 


It follows from this equation that the evaporation rate during drying falls 
from ji=i) for X=0to f/ip=1—n=const for X>x. The value established during 
the first period of constant evaporation rate depends, other conditions being 
equal, only upon the ratio of the numbers of large to small capillaries, i.e., 
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upon the structure of the model body. Introducing the average moisture 
content, which corresponds to the depree of Saturation of the pore space, 


Wan — Ah (6.38) 


we may transform from a dependence of the type i(X) to one of the type /(W). 
Values of i as a function of elapsed time t can be obtained by substituting 
the value of i from (6.35) or (6.37) in the equation of drying 


ax (6.39) 


and solving the resulting differential equation. With the aid of (2.37), the 
solution has the form 


C= ae 


aE |X tot Sea In[X (1 — 2) + %9] }. (6.40) 


For X>x,, it transforms into an equation of constant evaporation rate, 
where t and X are related linearly: 


_ nx (6.41) 


For micropore bodies ( m< 10°§cm), the term representing the effect of 
gravity in equations (6.30) and (6.33) may be neglected, i.e., an arbitrary 
orientation of the capillaries of the model may be assumed. A solution for 
the evaporation rate during the first period of the drying can be obtained in 
this case by repiacing su in equation (6.35) by its value from (6.33), 
assuming here pg=0. After simplifications, we obtain 


é AX (Py — Po) l—n 
i Wey I— eo + BaDeAP (= yer et 


2722 
eR?T*rs \ x4 


When gqixland X>x, this expression also transforms into an equation of 
the type i/ij~1]1—n. Thus, the first period of drying of the model body is 
always characterized by the existence of a layer with an approximately 
constant evaporation rate. 

If the sample height L<X,, then, after dewatering the large pores, 
evaporation begins from the network of small capillaries. The beginning 
of the second stage of dehydration is determined by the values t=1 and 
W=W,, which are calculated from equations (6.41) and (6.38) for X=L. For 
the second stage of drying, we introduce /20/ a linear rate of moisture 
evaporation (U cm’/sec) fromthe capillaries. The position of the meniscuses 
in the smaller capillaries, henceforth denoted by x, will then be determined 


by 


gilt), (6.43) 


t 


Differentiating both sides of this expression with respect to +, we obtain 


ax pU(I—n) di (6.44) 
dt i2 dt ~ 
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The evaporation rate for the second dehydration stage may be written 
(in analogy with (6.39)) in the form 


i==p(1 ~n) 5%. (6.45) 
Therefore, the solution of the differential equation (6.44) may be derived 
by substituting in it the value of dx/dt from the latter expression. The 
solution for the evaporation rate during the second period of drying is 


i 


ii(t— 1) | 
/ 2U 9? (1 — n)? ace 
where i; is the evaporation rate at the end of the first stage of drying, which 


may be taken equalto i(!1—n). The simultaneous solution of equations 
(6.43) and (6.45) implies that 


(6.46) 


ps 


x= V2U (1 —1). (6.47) 


If the difference t—1,as given by (6.47), is substituted in (6.46 )and f)=Uop/xo 
is introduced, where U, is the linear evaporation rate disregarding film 
transport, we obtain the final expression for the evaporation rate during 
the second period of drying: 


= i, (1 —n) (6.48) 


The values of U/U, can be found for known g and r, from the graphs given 
in /20/. The quantity x may be replaced in this equation by the mean soil 
water content, equal for the second stage of drying to 


W=(1—n)(1 — +). (6.49) 


When the sample height L>Xq, a transient-state regime, characterized 
by simultaneous recession of the meniscuses in the large and small 
capillaries, is possible. In this case the distance between the positions 
of the meniscuses (see Figures 6.2b) is not constant and equal to Xe. 
Values of Xe can be found from equation (6.34), in which the liquid inflow 


Aq = q2—(1 —n) (9, + 4) 


should be substituted for q@. 

The beginning of the transient-state regime is determined by the 
condition X=Xq~, and the end by the condition X=L. The amount of moisture 
evaporating in this stage from the large capillaries is 


_ DpsMF yg. — 90) (6.50) 
= 7 5 a 
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Accordingly, the moisture flow from the small capillaries, taking into 
account film transport /19, 20/, will be 


_ pUF, — oUF, 
Dra ee (6.51) 


The rate of moisture evaporation from the capillary model in the transient- 
state regime, assuming g,=1, is then 


al (Il -njywy f U 
OE RS). (8.52) 


Substituting here the value of X,,, given in this case by 


r Yr (lr lr 
De Ee 
Say tl 4 { v) 
(l—n) r5 


ty 
one can easily find an exact expression for (/ij by solving the resulting 
quadratic equation. In the same way as before X may be replaced by the 
mean water content or by the elapsed time. 

It should be noted that for macropore bodies the hydraulic head loss, 
appearing in equation (6.34) for X,,, is usually small in comparison with pg. 
In the following calculations we may therefore take 


(6.53) 


20 ] l 
1 ( 


pe Tp — =} = const, 


which considerably simplifies them. The hydraulic head loss may be 
neglected, however, only when r> 10-3 em for oO and when fr. 10°4cm 
for gox 0.9. 

Figures 6.3 and 6.4 give curves of the relative evaporation rate i/i) vs 
the mean water content for the capillary model. The calculations are made 
under the following conditions: rr, = 10-2 cm, r=10% cm, 1 = 20°C and 
X%) =0.2cm /19, 22/. Curves 1 and 2 in Figure 6.3 correspond to the case 
when L<X,, =126cm and the dehydration follows equations (6.37) and (6.48). 
Curve 3 describes moisture evaporation from the Same system for L>Xq«. 
It follows from Figure 6.3 that 
the transition to a decreasing 
evaporation rate occurs here at 
a lower mean water content of 
the sample. Figure 6.4 gives 
evaporation-rate curves for 
samples of small height (L = 
=2cm). 

The values of i/ip during the 
period of decreasing evaporation 
rate are calculated for two cases 
(a and b in Figure 6.3 and 6.4), 
The first case (a) corresponds 
to conditions in which the 


FIGURE 6.3. Relative evaporation rate jyi, vs.the 
mean moisture content Wo for a capillary model: contribution of film transport is 


negligible and one may take 
U/Uj~ 1, This may be the case, 


1— n= 0.3, £=100cm; 2— n= 0.7, £=100cm; 3— 
n= 033; = 200cm. 
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for example, under low relative 
air humidity ¢< 0.9 and 

ro>10-% cm /21, 20/. The second 
case (b) corresponds to conditions 
when film transport markedly 
raises the evaporation rate. For 
this case it was assumed in the 
calculations that U/U)~ 10, 
corresponding to which r= 
=10-% cm for q close to unity 
/20, 19/. The graphs show that 
film motion is capable of 
maintaining a high evaporation 
rate over a long drying time. 

An examination of the plotted 
theoretical evaporation-rate 
curves Shows that they are in 
general similar to the experimental curves. Here we observe periods of 
constant and decreasing rates of drying with characteristic critical points. 
The constant rate period corresponds to moisture evaporation from the 
surface of the small capillaries, which draw water from the larger ones. 
This agrees with concepts developed by many authors /18, 22, 23—27/. 

Analysis of the experimental data has shown /27/ that, as on the 
theoretical curves, the evaporation rate decreased sharply at the beginning 
of the experiment and then remained approximately constant as long as the 
meniscus in the narrow capillaries did not start to recede. In real 
capillary-porous bodies such a sharp decrease in i at the beginning of 
drying, due to the ''exclusion" of the n-th part of the evaporating surface, 
is not always observed. This is due to the tortuosity of the pores and the 
absence of large vertical capillaries extending through the entire mass. 

The lowering of the meniscus level at the beginning of drying therefore 
usually exposes a new Series of small capillaries which terminate at the 
surface of the second layer of particles (cf. Figure 6.5), As aresult, the 
decreaSe in i at the beginning of drying is in reality less sharp than that 
obtained by examining the model. However, in bodies containing a 
considerable number of communicating large pores, this effect is fairly 
well pronounced (coarsely aggregated peat /28/, large glass spheres /22/). 
It is natural that this effect can be observed only if the porous body was 
completely saturated before the commencement of drying. 

The roughness of porous bodies, which increases their evaporating 
surface, may cause i/ip) to become larger than unity /18/. Thus, a 
correction factor a, which takes into account pore tortuosity and surface 
roughness of thé material, should probably be introduced in (6.37). However, 
it may be assumed that when the meniscuses recede from the surface ofa 
porous body (see Figure 6.5), the effective thickness x of the boundary 
layer increases somewhat (approximately by a particle radius), This 
results in a corresponding decrease in ip. For the same degree of roughness 
(e.g., in the case of spherical particles), the evaporation rate from the 
surface of larger particles should therefore be lower than from smaller 
ones. This conclusion agrees well with known experimental data for sand 


/18/. 


FIGURE 6.4. Relative evaporation rate i/i, vs the 
mean water content W, for a capillary model: 


J— n= 0.8, £—2cm; 2— a= 0.7, L=2cem. 
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The evaporation-rate curves for a capillary model convey well the 
dependence of the first critical point on the sample thickness L. An 
increase in L (for L>X.) shifts the point W toward higher water contents 
(Figure 3.6, curves 1 and 3); this is also observed in experiments with 
different soils /30, 29/, spheres /22/ and sand /18/. 


FIGURE 6.5. Scheme illustrating changes in evaporation rate at the 
beginning of drying. 


Expressions (6.33) and (6.34) show that an increase in q@, which, other 
conditions being equal, is possible when g decreases, causes a decrease in 
Xo, which in high samples (L>X,,) determines the transition point to the 
period of decreasing rate of drying. The effect of g and W, should be 
especially marked in the case of micropore bodies, when it may be assumed 
that pg~0. Theincrease in W, (following from the capillary model theory) for 
a decrease in g is in good agreement with experimental data for clays /18/. 

In experiments with large-grained sand /31/, direct measurements 
showed that the absolute value of capillary pressure rises during the first 
period of drying, and is then stabilized for W<W,, corresponding to the 
pressure in the smallest pores. The change in the capillary pressure in 
the model under consideration is of exactly the same character. The 
lowering of the liquid level in large sand pores during the period of constant 
rate of drying was observed by gamma spectroscopy /32/, From /31/ it 
follows that during the second period of drying the thickness of the dewatered 
layer is proportional to Yt. This also agrees well with equation (6.47), 

However, the capillary model cannot be considered as universal, as it 
disregards the possible shrinkage of Samples, which largely alters the 
course of drying, and is therefore applicable only to systems with a rigid 
Skeleton, It also disregards, e.g., the influence of the air velocity, since 
additional data on the corresponding changesin x) are necessary for this. 
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Theoretical curves (Figure 6.3) for high samples are in good agreement 
with the curves given in /25/ for the evaporation rate from a one-meter 
thick soil layer, as well as with experimental data for high soil columns 
/30/. The evaporation-rate curves for low samples (Figure 6.4) are 
similar to those following from relations obtained for many capillary-porous 
systems /18, 22, 24—26/. Thus, the use of the capillary model as a 
hypothesis satisfactorily describes the behavior of many real capillary- 
porous bodies when moisture evaporates from them. This enables one to 
assume that the relations obtained can be used for practical calculations, 
and to forecast moisture evaporation from soils and other porous bodies 
having a structure similar to that of the model. 
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Chapter VII 


FORMULATING THE PROBLEM OF FINDING THE 
TEMPERATURE FIELD IN SOIL 


§ 1. IDFALIZED PROBLEM OF FINDING THE 
TEMPERATURE FIELD IN SOIL 


To determine the temperature field in soil, i.e., the set of instantaneous 
values of the temperature at all its points, we must find the equation 


bf (Xx) Ys 25%) 5 (7.1) 


where t is the soil temperature, +t is the time, and x, y and z are spatial, 
Cartesian coordinates, 

The first simplification, when analytically investigating the temperature 
field of a soil, is based on the possibility of assuming it to be isotropic. 
This means that ¢ is aSsumed to vary only with soil depth x; horizontal 
surfaces parallel to the soil surface are considered isothermal and the heat 
flux directed along the normal to the latter from places with higher toplaces 
with the lowest temperature, 

Thus, the temperature field to be described is simplified, and in place 
of (7.1) we have 


t= f(x, +). (7.2) 


The temperature rise along the normal n to the isothermal surface is 
described by a vector directed along n toward increasing temperature and 
is called the temperature gradient: 


grad¢— ny ] (7.3) 


dn? 
where nm) iS a unit vector, and di/dn is the temperature derivative in the 
direction of n. 
A temperature gradient causes a heat flux Q. The heat flux density q is 
the amount of heat passing per unit time through unit area S of an isothermal 
surface: 


l 
q=(— fe) Se =e (7.4) 


Consequently, the vector q lies on the same normal a as the vector grad f, 
but points in the opposite direction, i.e., toward decreasing temperature 
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0 0 ~--~t, (see Figure 7.1, showing a series of 
eae eee ee a ae isothermal surfaces fo, f, fa, ts which 
hyradt Ney decrease at daytime and increase at 
Sige ey fer wo te seri Wer rca nighttime), 
oe a Rn Ps ts cle elt ed i A second simplification is to assume 
that heat transfer in soil takes place 
q 
only through heat conduction, as ina 
FIGURE 7.1. Mutual positions of the heat- continuous, solid and homogeneous body. 
flux and temperature gradient vectors in soil. In this case the Fick law, stating direct 


proportionality between the heat flux 
density and the temperature gradient, is assumed to hold: 


q=—Agradt, (7.5) 


where A is the thermal conductivity coefficient of the soil. 


As a result of the first assumption (the system is isotropic), = e=0 
in accordance with (7.5), the magnitude of the vector q will be 
gS (7.6) 


From (7.4) and (7.6) it follows that the heat flowing through an area element 
dS from the surface inward is given by 


at 
dQ= —i~— dS dr, (7.7) 


and the total amount of heat passing through any area S during any time 
interval 1 is 


ga—al [ “aras. (7.8) 
os 


Thus, the two practically important problems of determining the temperature 
field in the soil and the heat flux through any surface reduce to solving 
equations (7.2) and (7.8) respectively. However, it can be easily seen that 
after differentiation (7.8) also reduces to (7.2). 

Thus, in all situations, without exceptions, the basic problem in 
estimating the thermal state of soil is to determine the temperature 
field in the soil, i.e., to obtain equation (7.2) in explicit form. This 
is possible using the solution of Fourier's differential equation of thermal 
conductivity, which relates the temperature, time and coordinates of the 
semi-infinite deep layer of interest, and for the unsteady one-dimensional 
case has the form 


ot O*t 
Cah og (7.9) 


where C is the volumetric specific heat of the soil, equal to the product of 
the specific heat c by the soil density op. 

One can find the temperature field from the solution of the initial equation 
(7.9) for given initial and boundary conditions, The initial condition is 
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determined by assigning the temperature distribution over the soil depth 
at the initial moment, i.e., by the expression 


t(x, 0) = 9(x). (7.10) 


It is often assumed that the elapsed time of the process is so long, that 
the initial temperature distribution no longer affects the temperature 
regime of interest in the soil. Then (7.10) transforms into 


t(x, 0)=0. (7.11) 


In such quasi-steady-state conditions, ¢ may be taken as the true temper- 
ature, whereas when the initial condition (7.10) is taken into account, ¢ 
represents the difference from the initial temperature, whose value can 
be taken as the average equilibrium temperature during a definite period. 
The boundary conditions, which express the law of interaction between 
the surrounding medium and the soil, should be formulated at two boundaries 
of the latter. For a natural boundary, one may take the soil surface, and 
for the second boundary one should take a plane at an infinite distance below 
the soil surface. The soil is considered to be a semi-infinite system, and 
one of the fairly well-based simplifications is to assume a condition of finite 
temperature at an infinite depth, L.e., 


t (00, t) =0, (7.12) 


to hold for a very lar ge soil depth. 
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FIGURE 7.2. Damping of temperature oscillations in soil with depth x (cm): 
a—diumal; b—annual. 
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Experience shows that in reality temperature oscillations already damp 
out at a depth of 0.5—1m, in the case of short-duration thermal processes 
(of the order of 24hr) (Figure 7.2a), andatadepth of 5— 20m in the case of 
long-duration thermal processes (of the order of a year) (Figure 7.2b). 

The temperature conditions at the soil surface are highly variable and 
are generally given on the basis cf experimental data. However, it will be 
perfectly justified to assume, knowing the natural regime of Solar radiation, 
a periodical temperature variation with time at this surface. The boundary 
condition for the level x=0 is then written in the form 


tiaN 


n=N 
t(0, tT) = x [(tn,)o COS NWT + (Eny)o Sin Nwt]= pa [Enso Sin (n;0t + tpj9)}> (7.13) 


where (fni)o and (fn2)o are the amplitudes of the temperature oscillations at 
the soil surface; nis the number of the harmonic in the experimental 
periodical temperature curve; mw is the angular frequency of the temperature 
oscillations, equal to 2n/T, where T is the oscillation period, equal to 24hr 
or a year; tpi is the initial phase. The temperature variation at the level 
x=0 may in reality have a most complicated form, for example, a 
continuous, increasing, decreasing or step function. The mathematical 
method of practical harmonic analysis makes it possible to represent any 
arbitrarily given periodic curve with any degree of accuracy as a super- 
position of many sine functions, i.e., in the form of (7.13). 

The boundary condition (7.13) is called a condition of the first kind, It 
states the time variation of the temperature at the surface of the object. 
The formulation of the simplified problem reduces to solving equation (7.9) 
subject to the initial condition (7.10) or (7.11) and the boundary conditions 
(7.12) and (7.13). This solution has the form of a series: 


t(x, t)= pa [(én,) COS not + (fn) Sin nat] + 9(x) = pa [(én,) Sin (2,07 + tp,,)], (7. 14) 


where (fn;) and (fn2) are the amplitudes of the temperature oscillations at 
depth x and ix is the initial phase at depth x. Under quasi-steady-state 
conditions, the expression for ¢(x, t) does not contain the term g(x). 

The quantities ({n;) and (fni)o are related by the well-known expression 


(tn) =(tn po al 4 (7.15) 
and the relation 
Y= V or (7.16) 


Expressions (7.15) and (7.16) describe the amplitude damping and the 
phase shift of a temperature wave penetrating from the surface to deeper- 
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lying soil layers; x in these expressions is the thermal diffusivity coefficient 
of the soil, equal to 


A further simplification usually made in geophysical, meteorological 
and agrophysical studies, which use for the most part the idealized scheme 
described here of finding the temperature field in natural soil, consists in 
the possibility of retaining in expression (7.13) only the first harmonic. It 
is clear that in this case the solution (7.14) will also contain only the first 
harmonic, which on the basis of (7.15) and (7.16) will give 


t (x, eee  sin(or— x V =) +(x). (7,18) 


Using the exponential law (7.15) of the temperature amplitude damping 
and the law of lagging of the maximum of a temperature wave 


ie (7.19) 


a 
* 

| 
d| ds 


expressions can be obtained for the length and velocity of a temperature 
wave in the well-known form 


A=2YV nT, (7,20) 
VU=2 >. (7.21) 


The scheme described above is successfully used to obtain a whole series 
of results: 

1) The depth at which temperature oscillations damp out to the v-th 
fraction of their value at the surface is given by 


x=V KT inv. (7.22) 


2) The depth at which the phase shift amounts to the m-th fraction of 
T can be found from equation (7,19), according to which 


xg Lie | (7.23) 


Thus, phase lagging by half a period (m=2) occurs at a depth 


V 14. V 3.14 - 86400 - 365 
X= ee (m)for diurnal processes andata depth +x,= i ae 


for annual processes, which in the idealized representation (x = const) leads 
to the well-known ratio  %y:/%4jy=V 365 ~ 19. 

3) The thermal conductivity of the soil can be found from expressions 
(7.15) and (7.16). When (7.15) is used, the annual or diurnal temperature 
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maxima and minima at two depths x, and x, are measured: 
(wae (Cae aa for x= co 
(410) | (tio) ")" Pam eS Xo. 
The required value of « is then 
(xX) — x;)? (7,24) 


‘ | tn ed)’ — [toy } 
eye | (a0 


K= 


Where (7.16) is used, the initial phases at two depths x, and x, should be 
known. Then 


NM (X_ — x)? 


k= TT) — 0 DE (7.25) 
4) The incoming heat flux through the soil surface can be found by 
substituting in (7.7) the derivative — for x=0 on the basis of (7.18). 


Then 
dt J : 2 
(4) = to V FF leos (or) —sin(on] =f V Feos(or +t)» (7.26) 


and according to (7.8) 


Q=AStio V a i cos (or-+ 4 at. (7.27) 


The integration limits are determined by the duration of the period 
considered. Fora full period Q,=0. For a half period 


on. 7 T T 
Q.=IStoV ag (t2I=V A-VicpSto=b YF Sto. (7.28) 


The factor 5=Y Ace is usually called the coefficient of heat storage. 

Thus, according to (7.14) or (7.18), the temperature field in the above 
formulation of the problem is expanded in terms of a function of the 
temperature amplitude at the surface, (fn,)>, and «, the thermal! diffusivity 
coefficient of the soil: 


t(x, th=f[x, t, (tn )ox]s (7.29) 


the heat flux over a definite time interval is expanded in addition as a 
function of A and C. 

Thus, to understand phenomena related to the thermal properties of a 
soil one must know: 1) the set of quantities designated thermal character- 
istics of the soil; this set includes the thermal conductivity and thermal 
diffusivity, the specific heat and the heat capacity; 2) the temperature 
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amplitude at the surface, being essentially a complex quantity, namely, 
a derivative of all the elements of the thermal balance at the surface and 
calculated from data on these elements. 

Consequently, in the first place one must study the complex of questions 
related to these two problems, without the clarification of which it is 
impossible to understand and evaluate the principal problem in the 
thermophysics of soils, i.e., determination of the temperature field. A 
Similar conclusion also follows when passing from the simplified to the 
rigorous formulation of the problem. 


§ 2. RIGOROUS PROBLEM OF FINDING THE 
TEMPERATURE FIELD IN SOIL 


In the above formulation, the problem of determining the temperature 
field in soil suffered from a number of shortcomings. Some of them can 
be completely tolerated. The assumptions are: 1) the temperature field 
in the soil is uniform; 2) the temperature at the soil surface varies 
periodically in the course of 24hr or a year; 3) deep (though not infinitely 
deep) temperature oscillations are damped. The experimental data 
confirming these assumptions are very extensive, and as an illustration 
it is sufficient to refer to any experiments, in particular ours, performed 
in various regions of the USSR. 

Other simplifications are not fundamental and are adopted only for the 
purpose of facilitating the solution of the problem. These assumptions are: 
1) that as an initial condition the temperature may be considered constant 
over depth; this is known as isothermal conditions, and is indeed observed 
twice in 24 hr, at morning and evening hours (Figure 7.3), or twice annually, 
in spring and autumn (Figure 7.2b); 2) that it is possible to consider in the 
diurnal temperature wave only the first harmonic, since the remaining ones 
are considerably less pronounced (Figure 7.4). 

Thus it remains to discuss the most significant shortcoming of the 
problem: the assumption that the thermal characteristics of a soil are 
constants. The necessity to estimate the extent to which this assumption 
is valid is extremely important and obvious, since such an assumption 
corresponds to the unlikely situation that the soil is a continuous and 
homogeneous solid mass. The complex multiphase structure of the medium 
completely contradicts this assumption. 

Allowance for the variability of the thermophysical characteristics of soil 
leads to a more realistic formulation of the problem of determining the 
temperature field in soil. Great difficulties arise in this case in connection 
with the correct selection of the factors having the largest influence on the 
thermophysical characteristics of the soil, as well as in connection with 
the quantitative estimation and accurate expression of these influences. 

Since soil has a capillary-porous structure, heat exchange in it (in 
contrast to a continuous solid body, in which there is only a single 
mechanism of heat transfer, i.e., conduction) should be considered to take 
place by a combination of the following processes: 

1) thermal conduction over the mass of individual granules of a solid 
soil skeleton; 

2) heat conduction from particle to particle at the compact points; 
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3) molecular thermal conduction through the air and water present in 


the soil pores; 


4) convection by the gas or liquid in the pores; 

5) radiation from particle to particle. 

Finding the temperature field in a soil where all these factors exist 
simultaneously and are interrelated is possible in principle on the basis of 
a solution of the differential equation which describes one-dimensional and 


nonsteady heat flux: 


30 


Depth, cm 


10 


0 
15 1) 5 9) 45 


Soil temperature, °C 


FIGURE 7.3. Diagram of the diumal 
temperature isotherms in soil: 


I—at 0700 hr; 2—at 1330 hr; 3—2130 hr. 
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FIGURE 7.4. Relative weight of harmonics in di- 
umal temperature oscillations propagating in soil: 


n —number of the harmonic. 


Equation (7.30) expresses the fact that the heat content of soil is equal 
to the derivative of the heat flux density g, which equals the sum of four 
fluxes 4, 92, 93, and g, due respectively to conduction, convection, radiation 
and transfer by the medium filling up the pores of the material. 

In analogy with thermal conductivity, one may formally introduce 
coefficients of convective and radiative heat transfer i,, and A,,, aS well as 
a coefficient A,,.i;, of moisture conductivity, and express the respective 
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fluxes in the form of Fick's equations: 


Ot 
q =Q=A De! 


Rr re 
Y 92 = bev ay , (7.31) 


ee 
Fig 13 = day? 


— ot 
Grae G4 = Amos" 


Fach of the coefficients 4, Acwv,A,g and 2, is a highly complicated function 
of the parameters characterizing the properties and state of the soil. Thus, 
A depends on the configuration of the particles, their packing density, the 
nature of the contact between them, the dimensions of the particles, the 
temperature, the water content and specific weight of the soil material. 

There exist tens of theoretical schemes and formulas which express 
the value of A as related to the assumed pattern of the particle packing 
model, the ratio of moisture to air volumes, and soon. Even more 
complicated are calculations to estimate the coefficients j.y and 4,,. The 
latter are functions of a whole series of factors: the temperature and the 
temperature gradient in the soil, the type of packing of the soil particles, 
the shape and size both of the particles and of the pores separating them, 
the degree of blackness of the radiating walls of these pores, etc. 

The degree of variation in the thermal conductivity of soils due to 
moisture transport can be considered by comparing the equation of heat 
conduction without a source and the equation taking into account the presence 
of an internal heat source and heat transfer by vapor. The solution shows 
that for finding the temperature field in a disperse medium, the usual 
equation which does not take into account heat transfer due to mass flow 
may be used only for moderately low temperatures. ‘In the opposite case, 
particularly for appreciable temperature drops, considerable overdamping 
and clearly pronounced fine-dispersion of soils, one should set up and solve 
the simultaneous system of differential equations of heat exchange and mass 
flow. 

If all the factors affecting the temperature field are to be taken into 
account, the system of initial differential equations should be enlarged to 
include the equations of mass flow, and convective and radiative heat 
exchange. 

Instead of this approach, one may set up and solve the equation describing 
the effective heat conduction in the soil. In this case the soil is considered 
as some quasihomogeneous material, to which the equation of heat 
conduction is applicable, but whose thermophysical characteristics are no 
longer considered constant, but are functions of the temperature, time and 
coordinates. The latter is a consequence of a convection, radiation and 
mass exchange taking place in the soil along with heat conduction. 

Thus, the thermophysical characteristics lose their usual meaning and 
become equivalent or effective quantities. Our assumption essentially 
consists in that for finding and analyzing the temperature field, it is 
possible not only to set up and solve the system of equations of conductive, 
convective, radiative and mass-flow transport, but it is completely 
sufficient to have only a single equation, which formally reduces to the 
equation of heat conduction, but actually is complicated due to all the 
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indicated processes, which are taken into account quantitatively by the 
variable thermophysical characteristics. 

Denoting these reinterpreted equivalent thermophysical characteristics 
by reqs Ceq and k,,, the initial differential equation takes the form 


EG 
Cole, p) Oe Mh t, t) sh (7.32) 


where eq: Keq=Aeq/Ceqand Cea are the equivalent thermal conductivity and 
thermal diffusivity coefficients and the equivalent volumetric heat capacity 
of the soil. 

The main difficulty in solving such problems consists in the necessity 
to express explicitly ineach concrete case on the basis of experiment as 
well as physical considerations, the relations of the thermophysical 
characteristics of the soil to the temperature, time and coordinates, so 
that these relations reflect the real character of the variation of the 
properties, of the structure and in general of the physical features of the 
soil in time and with depth. 

The substitution of these relations in equation (7.32) and its solution 
subject to definite initial and boundary conditions yields the required answer 
in the form ?f(x, t), The whole problem thus consists of a number of stages: 

1) finding the character of the variation in time and depth of the 
most important physical soil properties; 

2) determining the dependence of the thermophysical characteristics 
on the physical properties of the soil; 

3) representing the thermophysical characteristics of the soil as 
functions of x, t and ?; 

4) solving the equation of effective heat conduction with allowance for 
the variable character of Aeg, Ceq and Keq 

Although this way of finding the temperature field cannot be considered 
as easy, the corresponding results in solving a number of problems 
concerned with the thermal regime of soil speak in its favor /1—5/. 

The fundamental scheme developed here to formulate the problem of 
finding the temperature field presupposes that the answer is obtained in 
the form 


f(x, t) =f [x, T, Kel X; T; t), (tn Jol = fi [x, T; hed, T, t), Cog(*: tT, t), CARE ifs03) 


Comparing this expression with the analogous equation (7.29), which is 
obtained under an idealized formulation of the problem, we see that in 
order to analyze natural thermal processes in soil, full interpretation of 
the concepts of effective thermophysical characteristics and detailed study 
of the processes related to the formation of these characteristics is 
necessary. This aspect of the problem will be dealt with in Chapter VIII, 
which is devoted to a comprehensive treatment of problems concerned with 
the thermophysical characteristics of soil. 

The second aspect of the problem is the necessity to determine the 
temperature amplitude (f,,)9 and in general the whole time variation of 
temperature at the soil surface, when approaching the real picture of the 
thermophysical processes in soil. 
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One can hardly consider as fully adequate a formulation of the problem 
in which the temperature values at the soil surface are given in advance 
and the unknown temperature in the soil interior found from them. [ft is 
perfectly clear that the surface temperature is a quantity less fixed and 
much more difficult to measure experimentally than the easily accessible 
and generally estimable temperature at depth. 

The surface temperature cannot be considered as a primary or initial 
quantity. It is the result of the heat balance established at the soil surface. 
Fundamental and primary is the solar radiation incident onthis surface 
and transformed onit. It is the radiant heat influx which is the source of 
the thermal processes inside the soil and in the surface air layer. 

The amount of solar radiation arriving at the soil surface, its distribution 
over the soil surface, i.e., what is known as the thermal balance of this 
surface, or the inflow and outflow of heat for individual elements, creates 
certain thermal conditions first at the surface, and afterward throughout 
the whole soil layer. 

That is why a more correct and natural boundary condition at the surface 
is not a given temperature variation and, in particular, not expression 
(7.13), but the heat balance equation, i.e., the equality to zero of the 
algebraic sum of all the heat fluxes to and from this surface: 


N 
8, =0. (7.34) 


In this formulation of the problem, the time variation of the temperature 
at the soil surface is not assumed, but is calculated from the heat balance 
data. 

The required temperature field will not contain (f,;)o, but all the N 

ie 
elements of the heat balance, which we denote by )» 8;. 
i=] 


Although this way of finding the temperature fieldis relatively complicated, 
Since it requires a knowledge of all the elements of the heat balance, it is 
at the same time particularly fruitful since it allows a highly detailed, most 
complete and comprehensive analysis of the causes of the formation of the 
required field, its character and tendencies, and may constitute the basis 
not only for estimating, but also for analyzing and forecasting the thermal 
regime of soils. 

Thus, in accordance with the above, the required temperature field in 
soil will be expressed in the form 


N 
t(x, t)=f [x tT, Aeg(X, tT, #), G(x, 1, #), pa B,| (7.35) 


Problems concerned with the definition of concepts, quantitative evaluation, 
methods of determination, and clarification of the role and importance of 
individual elements of the heat balance will be described in Chapter IX, 

Chapters VIII and [X, successively covering a complex of problems 
related to the effective thermophysical characteristics of soil and the heat 
balance at its surface, should constitute the basis for formulating, solving 
and analyzing the fundamental problem in the field of soil energetics, 
namely, the temperature field in this medium. 
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In the present chapter this problem could be formulated only in principle. 
After the exposition of the material of the next two chapters it will become 
possible to return to it, but already in terms of the mechanism of its 
solutions, analyses of the results from these solutions and the possibility 
of applying them to practical problems. 
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Chapter VIII 


THERMOPHYSICAL CHARACTERISTICS OF SOILS 


§ 1. THE CONCEPT OF THERMOPHYSICAL SOIL 
CHARACTERISTICS 


In § 1 of Chapter VII we introduced four quantities: 4, C, « and 8, 
designated as thermophysical characteristics of a continuous solid, 
and in § 2 of the same chapter it was shown that formally the same quantities 
can be introduced also for a heterogeneous, multiphase medium, such as 
soil, by adding to the designation the adjective ‘equivalent. "' 

In the following we will consider only equivalent values of the thermal 
conductivity and thermal diffusivity heq, Key, the specific heat Cea and the 
thermal susceptibility 5., of the soil. Fromthe form of the initial differential 
equation (7.33), the boundary condition (7.34) and the required solution (7.35), 
it follows that only two of the thermophysical characteristics, Aeq and Ce, 
appear as basic quantities in all the calculations of the temperature field. 
The two others, being derivatives of the first in the form #,,—A,,/C.,and 
b.=Vielew are necessary in temperature field calculations only when the 
temperature at the surface (x.,) is given and when one considers the heat 
flux into the soil over a certain period ( Dea). 

Hence it follows that to solve all possible problems dealing with the 
energy status of soils it is necessary and sufficient to know a set of four 
thermophysical characteristics (he Ceqs Kegs beq). This set gives a 
comprehensive representation of the thermal properties of soil. Sucha 
conclusion in fact follows from the physical essence of the elements of 
the set. 

The thermal conductivity characterizes the soil from the viewpoint of its 
capacity to conduct heat, being the amount of heat transferred by the soil 
per unit time through unit area under a unit temperature gradient. 

The volumetric specific heat characterizes the soil from the viewpoint 
of its capacity to heat up or cool down due to heat imparted to it, being the 
amount of heat necessary to change the temperature of 1 cm? of soil by one 
degree, The thermal diffusivity is numerically equal to the thermal 
conductivity of a soil sample with unit volumetric specific heat. 

Finally, the thermal susceptibility coefficient characterizes the soil from 
the viewpoint of its storage qualities and is numerically equal to the thermal 
conductivity of a soil sample whose thermal diffusivity is equal to unity, 
since 6. V heqCeg= heqlV Kea Another formulation of the quantity 6 follows 
from the relation b= V %eqCeg= CY Keg, in virtue of which this coefficient is 
numerically equal to the volumetric heat capacity of the rnaterial for k., =I. 
The dimensions of the thermophysical characteristics are respectively in 
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the physical and technical systems of units as follows: 


[C.q| = cal/cm*. deg and kcal/m?. deg; 
[x= em*/sec and m*/hr;  [Aeql= cal/cm- sec. deg; and kcal/m. hr. deg; 


[Beal = cal/cm?. sec¥/2, deg and kcal/m’. hr? deg. 


§ 2. FACTORS AFFECTING THE THERMOPHYSICAL 
CHARACTERISTICS OF SOIL 


The effective character of the thermophysical characteristics of soil is 
determined, as pointed out above, by four factors: conductive, convective, 
radiative and mass-flow transport. Since the first factor is the most 
important in comparison with the remaining three, it will be given the most 
detailed consideration in the next subsection. 

The influence of convection. Without entering into the details 
of the various theoretical schemes dealing with this problem, we give the 
final results, which reduce to the following: 

1) Natural convection in a soil layer of thickness d, across which is 
maintained a temperature difference At=?f,—t, and, consequently, adifference 
in the specific weight y of the interstitial medium (gas or liquid) is the 
result of a pressure difference. Due to this force, a one-dimensional flow 
of gas or liquid arises and is accompanied by a flow of heat in the same 
direction. 

In virtue of the above, the thermal conductivity of the material is higher 
(by a factor p=A,,/4) than the value 4 which it would have in the presence of 
heat conduction alone, assuming the values of the effective characteristic 
Keg Lhe quantity y is expressed as follows in terms of the soil porosity 
p (the ratio of the volume of the interstitial medium to the total volume of 
the layer), the surface area a of granules per unit volume, as well as the 
thermal conductivity 4,, the viscosity », the specific heat c, and the 
coefficient Bp of volumetric expansion of the gas or liquid: 


—_ Bo At2g p*y?c pd (8.1) 
IBa7LA 4 


Convection appears at some threshold, which is a critical value of a 
combination of the Prandtl (Pr=pcp/Ag) and Grashof (Gr=6,A? ede v7/" ) numbers: 


“E> 700 according to 


doa 
other data. Inthese expressions d,,4p/a is termed the equivalent layer 
diameter /1—4/. 

2) Analysis of the given relations shows that in relatively thick layers 
and in the presence of small temperature drops convection does not develop 
at all. For layers up to 5mm in thickness, convection is not observed up 
to temperature drops of 100°C /5/. 

Since soil pores are usually much smaller and the drop Af under natural 
conditions never reaches values of 100°C, thermal convection may be 
disregarded. It can be easily calculated that for the sizes of soil pores and 
particles usually encountered (0.1—0.2mm), convection amounts to 


(GrPr)2 680 according to some data and (Gr Pr 
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0.15—0.3% of the total heat transfer and only for very large particles and 
pores (of the order of 3.0 mm) does this percentage reach 5—5.5 % under 
the maximum possible temperature drop. 

The influence of radiation. Inthis case we also give the final 
results of theoretical and experimental investigations without a detailed 
analysis of their content. These results reduce to two points. 

1) The most reliable of the above-mentioned investigations determines 
a radiative heat transfer in the form /6—12/ 


A. = 2e’roT3, (8.2) 


where T is the absolute temperature of the radiating soil pores, e the 
optical blackness of their walls, r the determining dimension of these pores 
and o the Stefan— Boltzmann constant, equal to 5.75-10-5 erg/cm’. sec. deg’. 
Expression (8.2) shows that at relatively low temperatures and a material 
of not excessively large granules (an these are precisely the conditions 
which as a rule exist in soils), 4,, should be small. 

2) At soil temperatures up to 60°C more detailed calculations give values 
0.5-10°° cal/cm’ : sec of the radiation flux density 9,4 for granule and pore 
sizes of 0.1 mm,and7-10~° cal/cm? - sec for corresponding sizes of 1 mm, 
which amounts to0.2%and2.5% respectively ofthe total flux g duetoallthe 
types of heattransfer. Inanomalously aggregated soils, the aggregate size of 
which reaches 6 mm, g,,may reach 7%, other conditions being equal. Thus, in 
real conditions, when the soilis not heated to over 60°C and the pores and parti- 
cles are always smaller than1 mm, the role of radiative heat transfer is 
negligible. 

The influence of mass transfer. Mass transfer presupposes 
moisture flow in soil both as vapor and liquid. This moisture flow carries 
heat with it, which modifies the conditions of heat transport and affects the 
magnitude of the thermophysical characteristics ofthe soil. Since mass flow 
of water proceeds more easily, i.e., at lower temperatures than vapor trans- 
port, there is reason to estimate the amount of heat transported bythe mass 
flow. This will make it possible to clarify the influence of mass flow onthe 
thermophysical characteristics of the soilunder the most stringent and least 
advantageous conditions in the sense of the upper level of the temperature limit. 

The solution of this problem can be obtained by analyzing the equation 
of heat conduction in the presence of an internal source, and comparing 
the results with the solution obtained when such a source is not taken into 
account. This approach yields the following conclusions /13, 14/: 

1) As long as the soil temperature does not exceed 50°C, the relative 
weight of the factor determining heat transport by vapor amounts to no 
more than 10% of the total heat transport, i.e., qvap/q =10%. The effect 
of mass flow due to a temperature gradient is even smaller than that of 
vapor flow, due both to the lower speed, and to partial compensation as a 
result of the counterflow of liquid relative to the vapor. In fact, experiments 
show that in addition to the usual vapor flow from places with higher 
temperature to those with lower temperature, there is a liquid counterflow, 
especially clearly pronounced in moderately moist soils. It should also be 
borne in mind that the calculations are valid for a level of soil water content 
which provides maximum vapor Saturation in the soil pores. As long as the 
soil water content is sufficient to satisfy this condition, the transport effect 
will be very weak. 
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2) The value of 4,,,, i.e., that fraction of the total thermal conductivity 
\ which is due to vapor transport, varies widely, and increases particularly 
sharply as the temperature rises. It has been established that the temper- 


1 davap 
XN ot ? 


being of the order of 3,,,=6/100 (deg~-?). 


ature variation of i,,, 1.€., dvap= considerably exceeds the corre- 


sponding variation for 6= ~—, 
However, as regards the absolute value itself, A,,«<’ and amounts on the 
average tO Ayap/A =1.5%. According to a number of studies /13, 14/ 


hap aph (7), (8.3) 


where ais a coefficient characterizing the structure of the given soil; p is 
its porosity; /:(7) is a function varying for the natural temperatures within 
the limits (0.1—1.0)- 107%, 

Substituting in (8.3) the average values of a, p and f;(T), equal respec- 
tively to 0.66, 0.25 and 0.55. 10-3, the average value of Avap is found to be 
0.137- 10-3 cal/cem: sec: deg. The measured values of the soil's thermal 
conductivity, i.e., values of 4, are at least an order of magnitude higher, 
being mostly a factor of 20— 30—40 higher than A,.ap, amounting for various 
soils to (2—5)-1079 cal/cm- sec. deg. 

Thus, for natural soils which are not highly eroded and not anomalously 
wet or overheated, it is quite reasonable to neglect the effect of mass 
transfer on the values of the thermophysical characteristics, 

Thus, the three processes of convection, radiation and mass transfer 
were found to have little effect on the thermophysical characteristics of 
soils, except in special situations which are very rarely encountered in 
practice. It now remains to consider the most influential process, namely, 
thermal conduction. 


§ 3. CONTACT THERMAL CONDUCTIVITY IN 
SOIL MATERIAL 


Contact thermal conductivity in such a disperse medium as soil depends 
on the structure model, by which is meant the mutual positions of the solid 
particles and pores, the chemical-mineralogical composition of the solid 
phase of the soil, the ratio between the volume of the interstitial medium 
(gas, water) and the total volume of the system (i.e., its porosity) and, 
finally, the water content and temperature of the soil /15/., The influence 
of all these factors on the magnitude of the equivalent thermophysical 
characteristics of the soil will now be considered. 

Structure model. The system comprising the mutual positions of 
soil particles and pores may be highly diversified, and we shall not consider 
here all the many possible theoretical schemes which have been proposed 
in the literature to facilitate the calculation of thermal conductivity and the 
analysis of thermal phenomena. The following points can, however, be 
made: 

1) A theoretical treatment can only be undertaken for comparatively 
simple idealized models, based on solid spherical particles packed 
symmetrically (cube, tetrahedron, square) and separated from one another 
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by air or liquid. The assumptions in setting up other models include the 
absence of a temperature drop along the radius of the particles, size 
homogeneity of the particles, and independence of the ratio of pore volume 
to solid-phase volume, on the radius of granules. 

2) The best model of real soil is the one whose particle symmetry 
stability is maximum. This corresponds to a tetrahedral packing of the 
granules, since each is in contact with 12 neighboring spherical granules; 
the potential energy of the system and the volume of the interstitial phase 
(~25 %) is thus kept to a minimum. 

3) In reality the porosity of various soils is always higher than this 
figure and the particle sizes differ sharply, constituting a whole spectrum 
of sizes, The thermal conductivity of the material of the particles is 
considerably higher (but only by a finite factor) than the thermal conductivity 
of the interstitial medium. There is a finite temperature drop along the 
radius of the particles. 

Thus, the thermophysical characteristics, and in the first place the 
equivalent thermal conductivity, of soils are most closely related to the 
structure of the material. Since each soil type usually packs intoa 
structure characteristic only of its type, a selection of the soil type 
indicates uniquely the character of the structure. For this reason, we 
shall consider the structure for a given kind of soil. 

Chemical-mineralogical composition. The skeleton, or 
framework of soil consists of its solid phase. The chemical-mineralogical 
composition of this phase is very varied, including all possible minerals 
aS components, such as Silicon, feldspar, quartz, marble, granite, schists 
and limestone. Further we mention the group of metal oxides: Al,O3, 
Fe,03, FeO, MgO, CaO and Na,O. Finally, a considerable percentage of 
its composition comprises amorphous and crystalline compounds of 
dielectrics, including calcites, muscovites, micas, apatite and limonite. 

Two important points immediately follow: 1) different relations of the 
listed elements have a marked influence on values of the thermophysical 
soil properties, since they vary widely for different components of the 
solid phase. In fact, the thermal conductivity of amorphous limestone is 
a twentieth that of crystalline limestone, and the thermal conductivity 
of schist is a sixth that of granite. The specific heat of these 
materials differs considerably less, but is still 30% lower for hematite 
than for micas, etc. 

2) Since the conduction of heat through soils does not occur primarily 
through contacts, but through the interstitial medium, the role of the 
chemical-mineralogical composition and its effect on the value Of heq, Ceg 
and key are not as marked as might be expected following the first point. 

In addition, the selection of a soil type and its structure predetermine also 
the characteristic chemical and mineralogical composition. For a given 
soil the composition is therefore regarded as given, and the main influence 
On Aeg, Ceq and «,.,is exerted by other factors, e.g., temperature, density, 
aggregation and water content of the soil. 

The influence of temperature. A change in temperature affects 
the effective thermal conductivity as a result of its influence on the thermal 
processes inthe soil pores, namely, the molecular, convective and 
radiactive heat transfer through the soil atmosphere and moisture. In this 
connection the following conclusions can be drawn: 
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1) Following the molecular-kinetic theory of gases, a temperature rise 
causes an increase in the intermolecular thermal conductivity of the latter 
according to thelaw iA,= const(t). As pointed out, convection in pores of a 
substantial size increase very little up to the highest temperatures 
encountered in nature. 

The radiative heat transfer should increase with temperature according 
to the law 1,,= constT’. This expression shows that in the entire natural 
range of annual temperature oscillations (+50°C to - 50°C) a rise in 
temperature produces a marked increase in \,. Although each of the 
factors taken separately indicates only a small temperature effect on the 
value of i,,, Since there are several such factors all acting in the same 
direction, an overall effect is obtained which has been repeatedly verified 
experimentally and is expressed by the following linear dependence of the 
effective thermal conductivity on the temperature /15/: 


\eg= Ayo-+ a,t. (8.4) 


The slope of this line is very small; the value of a, is small and has been 
found experimentally for a number of soils. Formula (8.4) holds for both 
thawed and frozen soils with sufficient accuracy for practical calculations. 

2) The following formula, obtained after numerous experiments, is very 
useful and is suitable for calculating the rise in thermal conductivity of 
soils per degree /16/: 


6, = 25 0.65 [2.45" + 1]+ 9.5(d — 0.66)". (8.5) 


This formula was derived for a wide range of specific weights (y =0.3— 
1.6 g/cm®) and for materials with the most diverse particle sizes d (from 
hundredths of a millimeter to 20mm), It is most reliable for positive 
temperatures. 

Aggregation or mechanical composition. An increase in 
the sizes of particles and pores results in the increasing relative importance 
of convection and radiation in the overall heat transfer, and this raises the 
effective value of the thermal conductivity. At the same time it can be 
easily shown that the contact thermal conductivity then also rises, The 
main conclusions in this case are: 

1) When soil aggregates are crushed, the number of contacts between 
the many resulting small-particles sharply increases. Since these contacts 
are always loose, the number of places opposing the heat flux should 
increase, with a resulting decrease in A (conductive), At the same time 
the values of A,, and 2,,decrease and the thermal insulation effect of the 
intergranular pores increases. All this results in a marked decrease in 
the effective thermal conductivity Aca. 

2) Experiments demonstrate a rise of 50% in 4.4 due to a single factor 
alone, namely, an enlargement of particles, while all othér soil properties 
remain unchanged /15/. Thus, for soils containing many large particles 
(sand) the thermal conductivity increases, aS compared with a fine-textured 
soil (clay). Experimental data enables this increment 4’ to be expressed 
by the formula /16/ 


Mv = 0.0187 Ig aoe + 0.022 (d — 0.06), (8.6) 
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where d is the particle diameter in mm and 1 is expressed in cal/m: hr. deg. 
The initial value of the thermal conductivity to which 2’ is added refers to 
fine-textured soils with an average particle size of 0.03mm. Formula (8.6) 
is Suitable for dry soils at a mean temperature of 20— 30°C and a wide 
density range. The upper limits of the particle density and size, which 
determine the validity of the formula, are respectively 1.8 g/cm? and 
S—6mm. 

Porosity and specific weight. The porosity p and the specific 
weight y are related as follows: 


y+yp=v(p-r l)--y7,, (8.7) 


where y,, is the real density of the soil and p=Vair/Vgo. 

The extensive experimental and theoretical material enables one to 
conclude that these factors strongly affect the thermophysical characteristics 
of soil. The most important points are the following: 

1) For the most natural packing of soil particles, i.e., tetrahedral, the 
best relation between the thermal conductivity and a soil density is that 
obtained by Bogomolov /17/: 


TAY so— 3. 1Y (8.8) 


Ngee Noe as 
eq Aydt In ay? 


where 4, is the thermal conductivity of the soil atmosphere, 

Although this formula was obtained with the aid of numerous assumptions 
(e.g., that heat transfer takes place mainly through the interstitial medium, 
and not through direct contact of neighboring granules, or that i/i,— 00, 
etc. ), it agrees well with the empirical functions A(p) or A(y) of the most 
diverse soils. 

2) Bogomolov's formula gives a function 4.,(y) which should, according 
to the idealized scheme of granule packing, remain unchanged for all 
possible sizes, In reality, however, experience with real soils shows 
that the size d of soil granules does have an effect on the shape and 
character of i,,/y). From the numerous experimental data of Kaufman 
/16/ it follows that this effect can be represented not only for soils, but 
in general for granular materials of practically any dispersion and density, 
in the form 


Vez= 0.22 0.85 lg Gog + 0-10(d—0.06) + 5.82y +-0.72y9-+ 1] (8.9) 


The value of ie, obtained from (8.9) as a correction, is added to the value 
of i4,, determined by 


heg= 0.13y +.0.016y’ + 0.022 (8.10) 


for a finely granular material (de, = 0.06 mm). 

The values of the effective thermal conductivity calculated by the above 
formulas demonstrate the appreciable (often double, sometimes triple) 
increase in jeg due to an increase in specific weight. This is because the 
nonconducting air in the soil pores is replaced by a mass of solid particles, 
due to their approach, and contact between them improves. 
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This is true over the whole range of possible variations in y for diverse 
soils, i.e., from 0.6 to 2.0 g/cm’, 

The influence of soil water content. Numerous experiments 
have shown that: 

1) Water content is the most effective factor in modifying A.,, Ce and 
Key The physical explanation of this is that when soils are wetted the poorly 
conducting air is removed from their pores and replaced by moisture, 
which is a good heat conductor. The same conclusion may be reached 
regarding the sharp change in the thermal characteristics of soils due to 
oscillations in their moisture content if one applies theories based on 
equations, which were derived from simplified structure models imitating 
cubic or tetrahedral symmetry in the packing of spherical granules. 

Over the possible range of water-content variation (from the absolutely 
dry state to that of full moisture holding capacity) for a series of soils, 
particularly sandy soils, the values of Aeqand k.qvary by a factor of 5 or 
even 10. 

2) The variation in each of the quantitieS Acq Keq and Ceq is different. 
Thus, with increasing W, the specific heat increases linearly: 


Coe (Cus, +igg) °- (8.11) 


The thermal diffusivity has a maximum given by 


== a(W — Waa) +0, (8.12) 
as does the thermal conductivity: 
A=ae'Vte, - (8,13) 


where ¢,, 1s the specific heat of dry soil, and a, 6, ¢c are empirical factors 
which vary for different soils. 

Figure 8.1 presents examples to confirm formulas (8.11)— (8.13) for 
various soils. 

These data are highly characteristic, They show that the linear forms 
taken in practice for the function ?,,=/(W) cannot be considered as being 
without error, and are suitable only for a rough estimation in the inter- 
mediate range of values of W. 

Combined influence of the basic factors. Summing up the 
discussion of the effect of the various factors on the thermophysical 
characteristics, we may say that the most significant factor of all those 
listed for a given type of soil (consequently, for a given structure and 
chemical- mineralogical nature of its solid skeleton) are the following four 
in decreasing order of importance: a) water content; b) density or 
porosity; c) aggregation; d) temperature. The last factor, if the natural 
temperature range is being considered, may usually be eliminated. 

A full theory of such a complex problem does not yet exist. The best- 
based empirical formula of this kind for granular materials close in 
structure to soils, is that of Kaufman /16/, which has the form 


hea=Iuin| 45.8 (<a58 ae 1 4.1.48W (d — 0.06)""| 7 (8,14) 
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where d and y are expressed respectively in mm and g/cm’, W in percent 
by volume, and Aqay is the thermal conductivity of the dry material. 
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FIGURE 8.1. Coefficients A, C, and & as a func- 
tion of the water content of a sandy soil, 


Expression (8.14) has a fairly limited range of application. Thus, it is 
suitable for a water content not exceeding 20% and for structures with a 
high content of the amorphous and a low content of the crystalline component; 
it becomes completely invalid for soils with a high percentage of quartz. 

Experimental studies on the influence of various factors on the thermo- 
physical characteristics of soils have been carried out at various locations 
inthe USSR. For this purpose soil samples taken in the field were 
investigated in the laboratory, where the thermal conductivity and thermal 
diffusivity, as well as the specific heat were measured for various 
artificially fixed values of the density and water content. The data enabled 


curves of the type 


Neg= Pi (W, 9), Ceg=o(W, p) 
and 


Keg bs (W, )) 


to be plotted, and these empirical relations to be formulated. 

Without discussing the voluminous work carried out by Gupalo /18/ 
(southern chernozem— Odessa), Ikonnikova /19/ (common chernozem and 
dark chestnut soil— Saratov), Kulikov /20/ (serozem and saz* soil—Frunze), 
Ozols /21/ (soddy-gleyey soil— Riga), Ryabova /22/ (podzol— Leningrad), 


* [Meadow soil in the mountains and foothills of Central Asia, ] 
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and Chichua /23/ (podzolic, chernozem, dark-chestnut soils— Georgia), 
it may be stated that all the various results, which were affected by 
geographical locations, the wide range of structures and other soil 
properties, could be expressed by the single expression 


W 
Meg= (Cary <a) [a, (We — Wo)? + 6,9 — c,| 0, (Wo ee Wax)» (8 15 \ 


where c,,. 1s the specific heat of dry soil, which hardly varies for different 
soils and remains within 0.17— 0.21 cal/g- deg (for example, common 
chernozem 0.21—0.20, dark chestnut soil 0.18—0.19, etc. ); Wo, a, b,, and 

¢ are parameters to be determined, where W, denotes the water content 

of the soil near which «,, haS a maximum On keq(W). The value of a, is found 
for each density by the method of least squares, and then their average 
value is taken and substituted in (8.15). An averaging technique is also used 
to find the parameters bh, and cy. The values of the parameters a, b; and ¢ 
obtained for the top layer of various soils are given in Table 8.1. 


TABLE 8.1. 


Parameters 


Type of soil 


Common chernozem 
Dark chestnut 
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The given coeificients enable one to calculate the thermophysical 
coefficients of a soil to an accuracy sufficient for practical calculations. 
This accuracy is estimated from the agreement between the values of Aeq 
and Ke, calculated by (8.15) and measured directly. It is found that for 
common chernozem and chestnut soil the error exceeds 10% in 14 out of 
123 cases, is within 5% and 10% in 40 cases, and is less than 5% in 60 
cases, The maximum error determined in the whole series of tests was 
13%. The maximum error (compared with the experimental value) is 2.2% 
for saz soil, 4.1% for serozem and, in 10 out of 12 cases, less than 5% 
for soddy-glieyey soil. 

Relation (8.15) was used to plot nomograms, which facilitate the process 
of finding k.g, hey and Ceq from initial data for p and W (Figures 8.2 and 8.3). 
Nomograms of this kind for calculating the thermophysical characteristics 
of typical soils in the Georgian SSR, are presented in Figures 8.4 and 8.5. 
The procedure for using these nomograms is clear without additional 
explanations. A more complicated graph for the Same purposes, but for 
silty soils was plotted in the Main Geophysical Observatory. 


§ 4. EVALUATION OF THE THERMOPHYSICAL 
SOIL CHARACTERISTICS 


To determine the temperature field in natural soils, one must introduce 
quantitative relations between their thermophysical characteristics and the 
most influential indexes of their state and properties (i.e., water content, 
density, aggregation and temperature) in the differential equation of heat 
conduction and the relevant boundary conditions. It is inadvisable to 
introduce these experimental relations, expressed as explicit functions of 
the type Acg=fsi(W, 9, d, t), Ceg=fe(W, p, d, t) and x,.=f3(W, p, d, t), directly in 
equation (7.9). 

The form of equation (7.9) suggests that the required quantity tis a 
function of the coordinate x and the time t. Therefore, it is more natural 
to express Aeqg Ceqaand x,,in terms of the coordinates, time and temperature 
(i.e., the quantities which are organically involved in equation (7.9)). This 
at once allows one to transfer from the simplified to the more realistic 
equation (7.32). This approach is all the more justified, since the indexes 
of the properties and state of the soil, W, p, d, ¢ vary according to time and 
soil depth, with corresponding variations in the thermophysical properties 
of the soil. Consequently, the problem is now to derive experimentally 
functions like W=qi(x, t), p=q2(x, t), d=q3(x, t) and t=q,(x%, t), after which one 
can assume the existence of functions of the type 


Aeg=fi(W, p, d, f), Cea= [a( W, Pp, d, f) and K eq> fi (W, 0s d, t). 


The relations 


Neq= Y; (x, tT), Cec po (x, T) and Xeq= ps (x, t) 


are now determined. The equation of effective heat conduction (7.32) may 
now be formulated such that the solution is obtained in the form (7.33) or 
(7.35). 
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An alternative formulation of the problem involves determining directly 
the required relations 


reg 


Cea = p(x, t) 
ae 
under field conditions by measuring the thermophysical characteristics at 
various depths andtimes. This method is more direct, but requires the 
ability to measure eq, Ceg, and Keg in addition to their time and depth 
variation in field soil, which is no simple matter. 

Such measurements, given in Figure 8.6, were performed by us during 
1939 in the Leningrad Region. These data show that in diurnal thermal 
processes, oscillations of the soil 
thermal conductivity are very small. 
They are within +20 % of the diurnal- 
20 78-9 Wi 1930 mean value Deas The function Ke, (t) 
2G) So 4-5-6 7-8-9 WII1939 varies Similarly, with hardly any 
28 t~4+~4- 2.34 VIGO change in the specific heat during the 
24 hours. The small oscillations of 
Keq about Keqav.are due to the constancy 
of the density and water content over 
such a short period. 

If during this time (T = 86,400 sec) 
rain falls or important tillage operations 
are carried out, sharper jumps will be 
observed in Aeqg Keq and Ceqg. Oscilla- 


4-108, cal/cem: sec- deg 


arr 1811 (2-13 1415 16-17 849 208 2223244 2:3 45 67 89 tions of the thermophysical character- 
Time of day istics over longer time intervals, e.g., 

FIGURE 8.6. Diurnal marchofthe thermalcon- annual intervals, are even more 

ductivity of natural podzol (Leningrad Region). important, due to the freezing, swelling, 


weathering, etc. of soils. 

Under normal conditions, variations 
iN Aeg Ceq and Keq have little significance, not only during 24hr periods, but 
also during amonthor evenaseason. However, the ever-present variability 
with depth of the water content, density and mechanical composition of soils 
implies that at any instant variations in the thermophysical characteristics 
should always be taken into account as they affect the thermal regime of 
soils. 

Thus, the functions (4,.=%1(*, t), Ceq=We(%, T), Keg=3(¥,t) Should in reality be 
replaced by the simpler relations 


Aeg= Y, (x), C.g= W, (x), Keg YW; (x). 


Hence, the original equation of effective heat conduction for natural soil is 


a [Meal X)Sr| = Cal*) 5 (8.16) 


Ox 
The above formulation, allowing for the equivalent character of the 


thermophysical characteristics, is based on the actual structure, true 
properties and present state of the soil. Such an approach can be applied 
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practically, more simply, and with better results than analyzing heat 
transfer and moisture transfer simultaneously, which reduces to setting 
up and solving the appropriate heat- and mass-transport differential 
equations. This thermophysical-characteristics technique accounts 
generally for the instantaneous values of A.g, C.g and x,, at any point in the 
soil, i.e., their distribution with depth and time. 

This technique involves many difficulties at all stages of its application, 
e.g., setting up Aq Ce Keq in the form W(x), solving equation (8.16) 
analytically, analyzing the solutions. As an illustration we shall consider 
the temperature in a field soil for variations with depth of the thermophysical 
characteristics, and examine how the results modify the usual treatment, 
which assumes that these characteristics are constant. 

The variation of the thermal diffusivity as a linear function of x is 
typical for conditions under which a dry layer exists at the surface and the 
soil water content increases with depth. Such a variation also describes 
a loose layer at the surface, and a layer becoming more compact with 
increasing soil depth. In both cases an approximately linear increase in 
x with depth is observed. The same form of x(x), but with opposite sign, 
is characteristic of an irrigated soil in early spring, when the soil water 
content decreases with increasing depth, and also under conditions of soil 
packing, when the density decreases with increasing depth. 

In all these cases x increases or decreases linearly with increasing depth 
in the soil, and the specific heat varies only slightly with depth, sothat 4 is 
approximately proportional to x. For a 24hr interval, during which the 
thermal characteristics may be taken as independent of time and the 
temperature variation at the surface assumed to be periodic, the solution 
at any soil depth may be sought in the form of a periodic series. 

Thus, the differential equation has the form 


f= SO [a (x) $5]. (8.17) 


OT Ox | 


The temperature at each given moment is represented as a sum of two 
terms comprising the diurnal-mean soil temperature {f,(x) and the temper- 
ature deviation @(x, t) from this diurnal mean: 


£ (x, 1) = ty(x) + 0 (x, 1). (8.18) 


Consider the boundary conditions. At the upper boundary of the active 
layer, i.e., at the surface, the temperature varies with time: 


£(x, t)p=p = 9" (1). (8.19) 


At the lower boundary of the active layer there are no diurnal temperature 
oscillations, i.e., the temperature is constant: 


t(X, 1), = bo (H) = ty. (8.20) 


In our problem, the diurnal-mean temperature is independent of the time 
during the 24 hr period in question, i.e., f(x) is described by the equation 


6 Oty (x) 
oe [# (x) SP |=0. (8.21) 
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The problem becomes unsteady for temperatures deviating from the 
diurnal-mean values. Thus, the initial equation for 0 is 


‘ah3) 6) ag 
= oe HME (8.22) 


subject to the boundary conditions 


9 | <0 = p(t) = g" (t) — 4,(0), (8.23) 
Slee = 0. (8.24) 


The large amount of experimental data indicates that the oscillations of 


the diurnal ten.perature (deviations from the diurnal-mean values) may be 
assumed to be periodic. Hence, 


g(t)= PC cos not +, sin nwt) (8.25) 


on the surface and the solution has the form 
O(x, t)== >) ]0, (x) cos nor-+ 6, (x) sin not], (8.26) 
n=l 


where nis the harmonic number on the diurnal-temperature curve; w~=2n/T 
is the angular frequency of the Earth's rotation about its axis, equal to 
7.29°107° sec7!: qn, Qn, On, 0, are the amplitudes of gm and 6 respectively 
at the surface and deep in the soil. In terms of the complex functions 


0, (1c) = 0, (x)-+ n(x), (8.27) 
=o, +19, (8.28) 


the original equation takes the form 


d dO” (x) ose 9 
ak (x) — | =~ tone’ (x) (8.29) 
with boundary conditions 
On eco = Pn Oley =O: (8.30) 


For constant thermal diffusivity x=a®, (8.29) transforms into 


d’0° (x) _ inw®,, (x) (8.31) 


dx2 pee a? ’ 


with boundary conditions (8.30) remaining unchanged. The solution of 
(8.31) is 


‘ ~~ V—ino ~ V—ino 
O(x)=Cle? “41C,¢e 71 (8.32) 
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where the constants C, and C, are determined by (8.30) in the form 


* 


Vn 
ra 
1 —exp |- V — ino 
(8.33) 
2 — exp |-=* V in] 
9S OD. “TI 
1 —exp| — =" Vina] 


For the practical values H~ 50cm and a~0.1 em/sec!?, 


exp|— 2Ha-} ()"]~ e-§9 ~().0002(n = 1). In such a case, the final expression 


for the temperature deviation from the diurnal-mean values is 


= x V no) 
O(x, t)= »> ear 2 lo. cos (= V > not}— p, sin (= > —nor)| = 


ne] 


bad -—(2H-—v¢) nw 

= Sogo og (241 -+- x) no — , [ QH —-x)_/ no H] 
di q { Pn cos |-C#-+) V > —fot|/— 9, sin}-—{— PV > hot] f. 
Ti = 


(8.34) 


Now consider the problem for «(x), which varies linearly down to some 
depth A and then remains constant. There are grounds for assuming that 
this relation is typical for many important problems in agrophysics. In 
practice, an upper soil layer of thickness 4=20— 30cm is cultivated 
(compacted, loosened, etc. ) and below this depth the soil properties and 
composition may be considered constant to a high degree of approximation. 

With the aid of complex functions 0), (x) = 6,,(x)+ i0,,(x) (for the upper layer 
O<x<h) and 0; (x) =n, (x) + i8,,(x) (for the lower layer h<x<H), equation 
(8.31) yields the following two equations: 


d dO" (x) i 
a | Hot ma) M2 | — nos, (x) (8.35) 
de" » 
- fn) ima8h, e), (8.36) 


where kKy=k)+mh=const, Kk) is the thermal diffusivity of the surface soil layer, 
and kyis the constant value of this coefficient for the whole lower layer 
within depths 4 and H. The boundary conditions for equations (8.35) and 
(8.36) are 


0y Lao On. ed 
On, lean = On, Leen (8.38) 
de” d0,,, 
ax vege ax x=h (8.39) 
Onale=n =O, (8.40) 
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with corresponding solutions 


* y) 5 200“ ey 
O2,(4) =Ca'lo V/ (Z) [—ino(to + mx)+CPKo VW (2) [—ino(%y+-mx, (8.41) 
Pai ee ca as 


-—2(H-hA) tno 
l—e KH 


07, (c) = D (8.42) 


If 1—exp | —-2(H — Ah) V = ~1, (8.37} (8.40) enable us to obtain 


KH 


c= D, VY eK, (SV = inor,) — Ko (— V—inareg) |, (8.43) 


D — inwoK 


CP a ee | 1, (= Vinay) + fo (— Vinee) | (8.44) 


where /,, Ko, /, and K, are Bessel and MacDonald functions of zero and first 


order; Ci’, C\ and D, are constants determined from the boundary conditions. 
The surface conditions determine D, in the form 


b= Bia (Lalla (Ee) —Ka(Zzy)] + Hel 22) [a2 za)-44(2 2a) 


(8.45) 


where 


=V— inox; Z,=V—inox 2,=YV — inoky. 


For practical calculations it is convenient to express the Bessel and 
MacDonald functions in terms of their real and imaginary parts ber and bei. 
Therefore, we introduce the following well-known relations: 


I, {y y — i) = ber y — ibeiy, K,(yV — i)—=ker y—ikeiy, 
L, (y y— i)= = (ber’ y—i bei’ y) = (I + i)(ber’ y+ bei’ y) = 
= 5 (ber’ y + bei’ y) + 75 (ber’ y — bei’ v), 


Qe ° 1 7 Pr “/ 
Ky V —ij)=— Voi (ker’ y-~ikei’y). 
Using the relations 
tt l 1 ~ 1 , 
Vy —_-j= 4 — a | ———_ = = -—_—_=_ J ; 
L=e V2 (1 t), V—i € V 2 ( >t) 


we have 


Ky YV= I = (1 +A) [ker y — abel! y) — i (kei! y +x der’ 9) 
K(yV— _ 5 {[ker’ y+kei’ y]+ i [ker’ y — kei’ y]}. 
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We turn now to our problem and show how the transition from constant 
to variable thermal diffusivity of the soil affects its temperature profile. 
Consider a clear day, when the surface temperature varies periodically. 
The first harmonic in the diurnal-temperature curve is then the most 
important. The remaining ones are so small that they may be neglected. 
This simplification is not fundamental. 

The true temperature variation is then given by 


p(t) = 10.0 cos wt + 2.0 sin or; 
Q(x, t) = 9, (x, 1), O<x< 20cm; 
O(x, tT) == 0,(%, tT), 20<x%<¢ 100 cm; 
0, (x, t) = 91, (x) cos wt -+ 8,, sin wt; 


0, (x, T) = 919(x) cos ot + 6 sin or ; 


here the first subscript denotes the harmonic number in the temperature 
curve, and the second denotes the number of a layer. In our notation 


O11 (x) = O11 (x) + £811 (x); O12 (x) = 812 (x) + £812 (4). 
The following solutions for 6); and 0. are known: 


in = Co (F- V— dare,) + CPKo (= V— tox, ), 


(x —A) md —(2H-h—x) ot. 


O1o(x) =D, Ls KH __o KH 


If the parameters take the following realistic values: m =2-10-4cm7’; 

Ky = 9° 10-% cm’. sec7}; Ky = 10-10-4cm?; sec7}; H=100cm; A=20cm: Yo= 

= 8.53-10-3 sec7!, then = o=85X3 V/ —= 0.12. Hence, the numerical 
A 


values of Ci”, CY and Diare: Cl’ =0.001444+0.00187i; CYP=44.82+81.2 i; 
D, =—0.579+0.350i. The working formulas for 6}, and 0) at various depths 
will then be 


O11 (*) = C1 (85.3 V — ix) + Ci (85.3 V — ike) 


for O<x< 20cm, 


Oi2(x) = D, (exp[— 0.12 («x — 20) Y— i|—exp [0.12 (180—x) V — #]} 
for 20<x< 100 cm. 


The following results were obtained: 
a) for the upper layer: 
1) for x=0, 01:(0) =9.98+ 1.96 i, 


8,(0) = 10.0 cos wr +2.0 sin or =10.2 cos (wr — 11°20’): 
2) for x=5ecm 061: (5)= 2.1934 3.442, 


8(5) =2.19 cos wt +3.44 sin or =4.07 cos (wt — 57°38’) ; 
3) for «x =10cm 


63; (10) = 0.105 + 1.88982, 81 (10) = 1.89 cos (ot — 93°); 
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4) for x =20cm 01 (20)== — 0.556 + 3.75i:; 


6; (20) = — 0.556 cos wt + 3.75 sin wt = 0.68 cos (wt — 146°). 


b) For the lower layer: 
5) for x= 30cm 0)2(30)=0.274 — 0.0871, 


62 (30) =—0.27 cos wt — 0.088 sin wr=0.28 cos (wt — 197°30’) ; 
6) for « =50cm 02 (50) = — 0.0172 -- 0.0371, 


82 (50) =0,017 cos wt — 0.0337 sin wt==0.04 cos (wt ~— 295°) ; 
7) for x =75cm 0,(75) =0,355 + 0.0052i, 


Q2(75) =0.0063 cos (wt — 416°). 


These calculations are based on the scheme in which the thermal 
diffusivity varies with depth. Suppose now that this coefficient is constant 
over the whole layer 0—H: 


H A If 
I 1 9 
- | ctoide= | | (eo +-mx) dx + in { | = oF (Hy — A) ey (1 — +). 
U 0 0 


Ee se05 10 tele G10 08: 


This yields the numerical result a? —=————___- 
2-100.2-10 


Thus, @ =6.78-10-2cm: agen . V >= 0.089cm “. Wenowuse (8.32)—(8.35) 


to calculate numerically the temperature at various soil depths. The 
following results are obtained: 


x= Ocm: 6(0, 1) =10.2 cos(wrt— 11°). 

. x= 5em: 0(5, t) =6.5cos(wt — 36°). 
x=10cem: 6(10, rt) =4.18 cos (wt — 62°). 
x=20cm: 0(20, t) =1.71 cos(wt — 113°). 
x=30em: 6(30, t) =0.75 cos (wt — 164°). 
.x=50cm: 6(50, tr) =0.119 cos (wt — 266°). 
x=75 cm: 60(75, r) =0.013 cos (wt — 394°). 


Mm ore Goh 


Lt uS now compare the results of two schemes. The first assumes 
constant thermal diffusivity in the soil layer 0—100cm, equal to 
0.0046 cm?/sec. Inthe second scheme, this coefficient has the value 
1-10°-3em?/sec at the soil surface, increasing down to a depth of 20cm; 
below this depth down to 100cm, it remains constant and equal to 
5-10°3cm?/sec. Following experimental data, the rate of variation of x 
in the layer 0— 20cm is taken equal to m=2-1074 cm-', 

The surface temperature is the same in both schemes and varies in the 
course of 24hr by a periodic law with a single harmonic. The temperature 
at the lower boundary of the active layer is chosen as the zero reference 
level, The solution is determined for a deviation 9(x,1t) from its diurnal- 
mean value, since only this quantity undergoes time variations in the 
period under consideration. The oscillations of @ about the constant 
diurnal-mean temperature answer the interesting question of how a variable 
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thermal diffusivity along the soil profile affects its temperature. 


Table 8.2 gives temperature values calculated by the two schemes in 
accordance with 


0(x, t) = 8, (x) cos ot + 8, sin at = A(x) cos [ot — Tmax (X)]} 


A(x) is the diurnal semiamplitude of the temperature oscillations at depth 
x. and typax(x) is the time at which the diurnal temperature maximum at this 
depth occurs. 

In the 0O— 30cm layer, the table shows that the discrepancy between the 
two cases reaches 2.5° in amplitude and up to 2.5 hr in phase, which is of 
particular agrotechnological interest. This large difference is extremely 
important for the diurnal processes taking place in the soil, and in the first 
place those of heating, cooling, evaporation and condensation. 


TABLE 8.2, 
Depth i Depth i 
x*,Cm™M x*,cm 
A (x) Vay (x) | A (x) Tay (+) A(x) Tax (x)| A(x) Teja let 

0 10.2 0.75 10.2 0.75 30 0.287 13.1 | 0.703 10.9 
i) 4.07 3.8 6.52] 2.4 50 =| 0.041 19.1 {0.119 17.7 

10 1.89 6.2 4.18} 4.1 75 0.0063} 27.7 10.0129) 26.3 

20 0.67 9.8 171) 7.5 


It is clear that variations in the thermophysical characteristics are 
realistic; this is demonstrated by comparing experimental and theoretical 
data. The following field data on the variation with depth of the thermal 
diffusivity x(x), were obtained by the Agrophysical Institute at the 


' Zaporozh'e'' sovkhoz in the Leningrad Region (slightly podzolic, heavy 
loamy soil): 


The thermal diffusivity increases sharply down to a depth of 50cm, and 
then increases very slowly, almost remaining constant. On this basis the 
function «(x) can be represented by «(x)-10°=(ax+6) for 0<*«<50 and 
x(x)-103= 10.4 for 50<x< 100, or, more accurately, «(x)-10°=(ax+6)': for 
O0<x<50 and x(x)-10°=10.2 for 50<x< 100. 

The constants a and 5b in the first case are determined as follows: for 
x=0, K(0)-10°=b= 5.8; a= 0.092. Thus 


K(x) + 109=0.092x+5.8 for 0<x<50, K(x)-10=104 for 50<x«< 100. 


In the second case the constants a and 6 are determined by the method 
of least Squares: 
a=1.43; b==31.53. 
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Thus, 
K(x)- 103= (1.43x+31.53)" for 0<x<50, x(x)-109=10.2 for 50<*< 100. 


By considering the diurnal variation in surface temperature, we may 
determine the temperature variation with time: 


t, °C | 2.9 | 1.6 | 2.3 | 9.7 | 153] tt) 222] 24.2 228 01 ug] 8.4 


The resulting function can be approximated by the sine curve 


t= 13+, sin(ot+ q), 


ae AL l 
— 14-60-60 sec 


Suppose x(x) varies linearly, and x varies in the interval 0—50cm. For 
convenience we shall begin to measure the temperature from !=13°C—hA, 
where ft, is the diurnal-mean temperature at a depth hk. Therefore, the 
problem is to solve 


Oo ot ot 

De E (x) =| =e) 

tly oo = (13° —#,) +£, sin (ot + 9), 
t leon = 0, 


where &(x)—=(0.092x +.5.8)-107% 4,=7.2°C; tg=11°C; p=Zi 27-10 sec ©. 


Now consider the same problem, but for constant thermal diffusivity, whose 
value at the surface is Kk==5.4-10°3 cm?-sec~!, and at a depth x =50cmis 
K=Ksy= 98-10 “3 om?- sec 1 «The equation, which reduces to 


ot ot 


tox? Or’ 
is subject to the same boundary conditions. 

Table (8.3) enables the results to be compared with the experimental 
data at various depths. 


TABLE 8.3. 


Temperature in °C calculated for 


Experimenta 
tem perature 


Ko < K(X) << so] KM Ko=const | K=—Ks59=— const 
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The experimental data is seen to agree better with the results obtained 
for a variable «=/(x) than for k= const. 


§ 5. METHODS FOR DETERMINING THE THERMO- 
PHYSICAL SOIL CHARACTERISTICS 


The previous sections show that to find the temperature field both ina 
simplified and a complete formulation, one must be able to measure the 
thermophysical characteristics either in integrated form or separately. 

It is often important to evaluate them simultaneously not only at a single 
point, but throughout the whole depth of the active soil layer; their time 
variation is also often required. It is particularly important to find out 
the extent to which these values depend on external conditions (temperature, 
water content) and on the mechanical and chemical structure of the soil. 

The above group of problems can be solved if we have at our disposal 
three kinds of methods for determining thermophysical characteristics: 

1) laboratory methods, which require disturbance of the structure when 
examining the soil samples. These methods are intended for establishing 
the dependence of each set of characteristics on individual factors and 
their combination (water content, density, aggregation); 2) field methods, 
which are suitable for measuring 4,«, and C directly under natural 
conditions and for establishing the dependence of these quantities on the 
surrounding factors and time; 3) computational methods, which are also 
intended for obtaining ij, «x, and C in natural soils, but from measurements 
of the soil temperature, water content and density profiles or the variation 
of the latter with time. 

We shall not examine or compare the numerous versions of existing 
methods, but only mention briefly the most acceptable and convenient 
methods and their results from the point of view of their application, 
accuracy, etc. 

Laboratory methods, The positive features of these methods are 
a fairly high determination accuracy of ij, « and C, and the possibility of 
evaluating the entire set and relating it to the properties and state of the 
soil. The principal shortcoming of these methods is that the structure, 
thermal and moisture conditions of the soils must be disturbed, since the 
soil samples are mixed, wetted and packed. 

The best practical method reduces tothe following operations: 1) obtaining 
core samples from the field soil with the aid of special samplers; 

2) extracting the samples, adding a given amount of water, mixing the 
wetted soil; 3) uniformly filling a cylindrical container (height 10cm, 
radius 5cm, wall thickness 0.3cm) by packing mechanically in layers; 

4) weighing the filled cylinder; 5) placing (through an opening in the top of 
the cylinder) the hot junction of a thermocouple (connected to a galvano- 
meter) inside the sample, and placing the cold junction in an isothermal 
environment (an ice bath); 6) placing the whole system, consisting of the 
filled vessel with the hot junction, ina large container containing a mixture 
of water and ice, and recording the galvanometer readings n every minute 
as the soil cools; 7) plotting on a semilogarithmic graph the quantities 
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Inn and t, and calculating the required thermal diffusivity of the soil by the 
formula 


] Inna, —In ne 
a (28 i c=“ (8.46) 
FR, 


, 
{2 


where m and n, are the temperatures (expressed in the galvanometer scale) 
corresponding to times and t, and read from the graph of Inn versus t. 
According to the theory on which the method is based /24/, such a linear 
relationship must be established after the first, nonequilibrium stage. It 
will characterize the normal stage of sample cooling which precedes the 
steady state; / and R are the height and radius of the cylinder; 8) drying 
the Sample in a drying oven to oven dryness and determining the soil water 
content and density; 9) calculating from these data the volumetric specific 
heat with the aid of the formula 


C= (6. Hoo) (8.47) 


\ 


where C,, is the specific heat of dry soil, a quantity known beforehand for 
a given soil and varying only slightly for different soils (cay =0.17— 

0.20 cal/g-deg); 10) using the equation 4=Ck to calculate the thermal 
conductivity on the basis of the earlier-obtained values of « (8.46) and C 
(8.47). 

Without entering into details, we note that this method determines « to 
an accuracy of 2—3%, and C and Ato within 5%. 

This method has enabled many results to be obtained over very wide 
ranges of p and W for diverse soil types, and may be regarded as standard. 

Field methods, The features of these methods are: the possibility 
of obtaining A,x« and C for soils in their natural state without destroying 
their structure by Sampling, and studying the behavior of i, « and C with 
time and obtaining their entire depth profile. The disadvantage of these 
methods in comparison with the laboratory methods is that they give an 
integrated result without identifying the factors which determine the 
variation in A, xk and C; the result is also less accurate. 

Among the many methods being developed and applied to soils the most 
promising and progressive are probing methods. There are many such 
methods, but we shall describe those comprising a plane instantaneous 
source and a spherical source of constant strength. These have been tested 
and have proven themselves. 

Plane probe with an instantaneous pulse. A thin plane 
plate is introduced into the soil, which is assumed to be a medium of 
infinite extent in all directions. A heating filament wound onthe soil surface 
is used to give it an instantaneous heat pulse. The initial condition is 
t,o =0 and the boundary condition at infinity is f,..=0; the boundary condition 
which expresses the instantaneousness of the heat pulse in the plane x=0 is 
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The solution for the temperature (t(x,t) at any time t at any point x ina 
direction perpendicular to the plane of the plate is 


x 


(Xx, t)= q ~ 4aKt 
(4, = >a e (8.48) 
for constant heat flux. The condition for a maximum, i.e., @ on Die. 
yields 
x2 
k= sy (8.49) 


where tmax is the time at which there is a maximum temperature in the soil 
at a distance x from the plate; q is the source strength per unit area S. 
The total heat Q developed by the source is equated to the amount of heat 
absorbed by the whole soil layer on both sides of the plate. The integration 
limits are —oo to +o. Thus 


x? 
Ant 


(8.50) 


2) «ent 


+00 +00 
Q=coS ( tdx =opS | ar, 
whence 


__ 0 oz 
= F908 arated - (8.51) 


The quantity Q can be found experimentally from the heat content of the 
plate: Q=C»VAt, where Cpiis the volumetric Specific heat, V is the volume 
and At is the fall in plate temperature at time t. To obtain Q, it is 
sufficient to measure the plate cooling by means of an attached thermo- 
couple. As a result, the specific heat of the soil is given by /25/ 


I 2 l 
InC =InC,V At—5In == —5 Int (In2-+InS +5 In nx). (8.52) 


The formulas derived here for «x and C were based on two principal 
assumptions: a) an infinitely thin plate and b) an instantaneous heat pulse. 
Tsukerman and Kaganov /26, 27/ calculated respectively the errors 
resulting from these two assumptions. The former considers the cooling 
of a plane probe having a heat capacity, and the latter studies the cooling 
of a plane probe of constant strength operating during a finite time interval tw. 

The first correction is obtained by solving the following problem. A 
hot plate, which at time t=0 begins to cool from a temperature f%, is 
buried in an infinite medium of zero temperature. The plate thickness is 
dy, its volumetric specific heat is Ceo, and the thermal conductivity of the 
plate's material is so much higher than that of the soil, that the temperature 
drop inside the plate may be neglected. There is no temperature gradient 
along the soil depth *. We look for the temperature field in the soil in the 
direction y, perpendicular to x. The problem reduces to solving the 
equation 


o*t ot 
Bayt oe. (8.53) 
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subject to the conditions 


by x0=0, (8.54) 
tx £0, rao =O, (8.55) 
bah ces), (8,56) 

ot at 
Coho (Su =e (se). (8.57) 

The solution is 
fo) 

alll ied (8.58) 


where the argument of ® is given by 


ee: (8.59) 
(CoPod)? * 
As a result we obtain kx in the form 
as Se cpx 
ao ya ae (<2). 00) 


The second problem consists of switching on a plane source of constant 
strength qg at the surface of a semi-infinite mass and switching it off after 
atime to sec. A recording of the temperature variation at distance x from 
the source enables us to write 


n= ae i(4). (8.61) 


Next, the problem is extended to a two-layer system consisting of two 
connected bodies, one of which has finite thickness and the second is 
semi-infinite. The temperature variation at their interface after the heat 
source is switched off makes it possible to find A and cp for the sample in 
question. We introcuce the notation Ay, Ci, Ki, Ae, C2, Ke for the thermophysical 
characteristics of the semibounded standard and the tested soil sample of 
thickness 5; tmax is the temperature maximum at the interface of the sample 
and standard. The following additional notation is introduced: 


= V Azlo02— V AyeiP; and B= Tp 
V Ascii + V AscoP2 Tmax 


The quantity f2(t/t) attains 1% of the approximate value of « for the realistic 


2x 


value +<10 *. The following formulas are proposed for calculating A or 
C in the corrected versions: 


ae eee - V ice | yet + 0.258 + 0.072H), (8.62) 


V metmax fmaxS 
1+-0.25 0.054H 
0p) = [2 — V Facepa| VSmen (1 —0.258-— 0.072), (8.63) 
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where Tmax iS the time when the temperature maximum occurs at a distance 
x from the source, whose heating area is S and total amount of heat liberated 
is Q=2gS%. 

An instrument built on the principle described here consists of a thin 
(0.3—0.5 cm) copper plate with a large surface (10X15cm), on which is 
wound a copper heating filament (diameter 0.1mm). The hot junction of 
a thermocouple is fixed in the center of the plate. This assembly is then 
placed in a level solid metal (brass) container. The space between the 
internal walls of the latter and the plate's filament is filled with d'Arcet 
alloy in order to improve thermal contact and heat transfer. The supply 
leads of the heater and thermocouple are enclosed inside a brass tube, 
which is soldered to the upper part of the brass box. The filament is 
supplied from a 12 Vv storage battery (Figure 8.7). 

Temperature variations in the soil at distance « from the probe are 
measured by means of a second independent thermocouple. Heating of the 
probe should not lead to excesSive over- 
heating of the soil (up to ~ 60°C). The 
optimum temperature difference between 
the probe and soil is 5— 15°; the distance 
x is of the order of 2—3cm (not more than 
5 cm) and the duration of the experiment 
is between 10 and 25 min depending on the 
soil water content. The value of Qis 
determined either from data on the Specific 
heat and the temperature variacion of the 
probe, or from the intensity of the current 
feeding the probe. 

Spherical probe of constant 
strength. A small hollow metal sphere 


FIGURE 8.7, Arrangement for deter- of radius a, is buried in the soil, which is 
mining the thermal characteristics of regarded as extending to infinity in all 
SOP EnG Masia Rian eOuS*SOurces Teton: directions. A heating filament is attached 
a—in natural soil (l—probe plate, 2— to the internal wall of the sphere, and is 
thermocouple, 3—galvanometer), b— uniformly distributed over its area 4na). 

in laboratory conditions (4—thermo- The filament is made of a material with a 


meter, 5—soil sample, 6—wooden box), negligible temperature coefficient of 


resistance, e.g., Manganin or constantan. 

Since it is difficult to attach the filament over the whole surface, one can 
use the simpler method of fixing it on a certain part of the spherical surface, 
or winding it on a metal-rod projection which is connected to the internal 
surface of the sphere. 

A constant electric current / is passed through the winding, and the 
transmission of the probe is kept at a constant value P. In addition, the 
hot junction of a thermocouple, which, owing to the high thermal conductivity 
of the sphere walls (thin pure copper), actually records the temperature of 
the whole surface of the sphere, is attached to the internal wall of the latter 
(the heat capacity of the sphere may be neglected, since it is hollow and 
small). 

The two ends of the conductors leading to the cold junction of the thermo- 
couple and the two ends of the heater wire are brought out through a small 
opening in the wall of the sphere. The current in the filament and the 
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temperature of the sphere wall are recorded respectively by the galvanometer 
G and the milliammeter mA in accordance with the scheme of Figure 8.8. 
Assuming the temperature of the soil and sphere at the initial moment to 

be equal to an arbitrary zero and the soil temperature at all subsequent 
moments at an infinite distance from the sphere to have that same value, 
and assuming further that all the heat developed by the filament comes out 
into the soil through the walls of the sphere, we obtain the original equation 
with the initial and boundary conditions of our problem: 


Ort 2 ot ot 
«(Sat 7 or) =e (8.64) 
br>co= 0, (8.65) 
— nash (5) =P. (8.66) 


r 
Cc 


FIGURE 8.8, Arrangement for measuring the 
thermal conductivity of soils using a spherical 
probe of constant intensity: 


i—thermocouple; 2—heating filament; 3— 
walls of the sphere. 


In terms of the transformed temperature f, the equation, and initial and 
boundary conditions take the form 


at | 2 ot 


Lf = 8.67 
eon a 80) 
rs e OE ee se fee. 
froeOi (Gr), eae fe oe 
P 
We introduce the notation M=-—,-. 
Amar 


Subject to the condition of boundedness at infinity, the solution for ¢ is 


t=C’e ; (8.69) 


22} 


The constant C’ can be determined from condition (8.68). As a result 


2 Ma} exp|— (r — ap) V 2 
as enn eee 


(8.70) 
On the basis of the inversion formula the temperature itself is 
Ma? si gPt—(r—ay) V pix (8 71) 
= air | ap, 


d—ico P (1+ 7 Vv?) 
p being a branch point. 

The complex integral is transformed into a real one using the standard 
auxiliary contour (Figure 8.9). Cauchy's theorem applies to this contour, 
since due to the cut made along the real negative semi- 
axis, the integrand is holomorphic inside the contour. 
As the radius of the small circle tends to zero, and 
the large semicircle tends to infinity, the integrals 
along the respective parts of the semicircle vanish. 
Inside and on the contour |argp <n, as a result of 
which it is unnecessary to consider the point 


Va=-— us at which the denominator of the 
0 
integrand in (8.71) vanishes. In fact |arg pi|=2n, 
FIGURE 8.9, Diagram for and so p, is situated outside the contour. Thus, the 
calculating the contour integration along a straight line (o — io, o+ioo) may 
integral (8.71). be replaced by integration along the small circle 


and the rays CD and EF. The integrals along the 
large arcs vanish. The integral around the small circle (counterclock- 
wise) as p->0 is 


Ma? gPt—(r- ae) V pik Ma‘, 
1M oir | = ; 
6 >0 ; p (i+ —V P| 
Vk 
On a ray 
_ (oe 
p=|ple-™=—|p| and Vp=|p|*e * =—ilp|*. 


After comparatively simple transformations and a change of variables, we 
obtain 


a oe r e~ **H" [sin (r — ao) + aoy cos (r — ay) ¥] 
= AnAr t 1 J y(itayy dy ¢. (8.72) 


The temperature (f,,—#--c, at the surface of the sphere is 


KT 
soe ee “| _ =| (8.73) 
fa, = 4masa, t a oy 
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The determination of ¢, at two times 1,(¢,,) and t,(¢,,) makes it possible to 
eliminate and find the required characteristic . The latter is determined 
from the resulting transcendental equation. For xt2>a? one may use the 
asymptotic value of the probability integral and obtain the solution for 
steady-state conditions: 


P 
ta Aaa (8.74) 


From here, we have a simple method of measuring 4: a) we determine 
the intensity transferred to the probe under steady-state conditions by 
recording the current strength on a millivoltmeter; b) we record the 
temperature of the sphere from the readings of the galvanometer. To 


determine x, we use (8.71) and plot a linear graph of ty VST. The slope 


of this line indicates the required thermal diffusivity of the soil /28/, 

Computational methods. All the computational methods involve 
an analysis of the temperature variation at various soil depths and its 
dynamics with respect to time, yielding only one thermophysical character- 
istic, namely, the thermal diffusivity. One then usually either assumes 
a periodic diurnal temperature variation, or uses the real temperature 
variation during a definite part of the 24 hr. 

The advantage of these methods is that they only require a recording 
of the soil temperature. Their disadvantages are that they are not 
completely accurate and give only one of the three required characteristics, 
and then only averaged over the time period in question. Their main 
drawback is that they presuppose a constant value of « throughout the soil 
depth. Without reviewing and comparing the advantages and disadvantages 
of the various computational methods of finding «x, we consider a method 
which, though approximate, is sufficiently operational and practically 
convenient, 

The first two harmonics are assumed to be present in the periodic 
diurnal temperature curve (usually only one harmonic is taken into account; 
analysis shows that the introduction of the second harmonic brings us only 
slightly closer to a real description of the thermal situation in the soil). 
Four temperatures are read each 6 hours at the two depths x, and x, e.g., 
the first reading is taken at the morning meteorological standard time 
0700 hr, the second at 1300hr, the third at 1900 hr and the fourth at 0100 hr, 
yielding the sets of values (ty, ts, ts, t,, %:) and (41, to, 43, t,%2). Hence, « is 
given by /29, 30/ 


ee Cr) (8.75) 
T aetg Ste ON =) | 
(t, — ts) (t; — t3)-+(t. — ty) (e— ‘’) 


| 


A number of assumptions are made regarding the calculation of x, and 
are based on an analysis of actual temperature variations; the assumption 
of a periodic solution is replaced by an initial condition /30—34/, However, 
the resulting adjustments do not justify the complication of using frequent 
temperature recordings at a number of soil depths in place of the usual 
daily observations, At the same time, the simplified methods for deter- 
mining « cannot be regarded as satisfactory in principle as they assume 
that x is constant along x. 
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We describe here two attempts to circumvent this difficulty by using 
the true function «(x). The first may be called the layer-by-layer method 
of determining x(x). The active layer of interest in a heterogeneous soil 
is divided into separate layers of equal thickness. If the thickness of each 
layer does not exceed 10cm, it may be considered homogeneous and k 
regarded as constant within its limits. The real heterogeneity along x is 
then replaced by a step-wise variation in the thermal properties from one 
layer to another. 

To solve the formulated problem we consider the temperature field in 
a layer of thickness /, the thermal soil properties being considered constant 
within this layer. If the temperatures f(x) and f,(x) at the boundaries of 
this layer are known, then the temperature ¢ inside the layer will be given 
by /35/ 


oe) ‘ 
t= = We-atsin = x | Fx!) da | +=" if e°* [f, (v) —(— 1)” fo(v)] dy, 
0 y 


n=l 


(8.76) 


K (2n — 1)? n? 
—T. 
this expression, the term dependent on the initial condition decreases 
exponentially with time and may therefore be neglected when prolonged 
processes are being considered. 


where f(x’) is the initial temperature distribution, and ¢= In 


The temperature at the center of the layer in question (x=5) is 


—K (2n—1)? mr HV (2n—-1) 3? 


/ p= EV (Hye 2(n—1) | P (fy + fe) av. (8.77) 


2 (n) 6 


If the soil temperature is a periodic function of time, then 


N 
hAh= 2) An cos (mot — Om) (8.78) 


Substituting (8.78)in (8.77), changing the order of integration and summation, 
and neglecting the term which decreases with time, we obtain 


a N mol? sin (nat — Q@mp) 
_ y) = a cos (MOT — Gm) ie K (2n = 1) 12 
LL=5b p> (2n —1) Am tat (8.79) 
n=l m=0 a i On—1)*a* 
Consider the case when the thickness 7 of the layer satisfies alc <1. When 


N is not larger than 3 (i. e., the soil temperature may be represented as the 
sum of three harmonics) and we allow for the fact that « usually exceeds 
2-10-3 cm?/sec, we find that {! should not exceed 10cm (in the case of 
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} 
mo? /4 
Tt On = yea 


diurnal processes). If the quantity is expanded in a series, 


(8.79) becomes 


t =23 v Wen 4a ff mol? x 


2n— 1 (2n — 1)? nx? 


t| 

a 

0 
— 
a 

t 
So 
ty 

H 
oO 


i 


X cos (mor — @,,)-+ ae 


(2n — 1)? kx? 


sin (mot — 9,,) \. 


Using the relation 


te 2r+ip 


1 I 
l nel — r 
Di ) Q(n Hor? ger? (2r)! 


n=l 


where E, 1s the Fuler number, we obtain 


N co 
mn? Sqy24 [45s 
ere pas+2 


eostiogss+3 (4s + 2)! Fo.) sin (mat or on) 


Since the terms of the series decrease rapidly after the summation over s, 
only the first terms are retained. Hence 


— — zy An cos ( (mot — Gn)+ ¥ 7 ii — Am Sin (mot — Pn) — 


ane ba 

2 
m2o2[4 

py 3.905 cil =a mCOS(MOT — Pm) + 


a 


= hth +R »} mA,, COS [mat py _ — 
(m) 
—? R? D3 mA,,COS(mMot— Gn), where R= 
(m) 


oe 
16x ° 


Therefore 


—i(t)=R » mA,, COS [mor — Pim — =) — 2 RY m’A,, COS (NOt -— Q,) + .- | ‘ 
(8.80) 


where ¢= fork 


is the mean of the temperatures at the upper and lower 


boundaries of the layer. It follows from expression (8.80) that the difference 
between the mean temperature of the upper and lower boundaries of the layer 
and the temperature at the center of the layer is given by a trigonometric 
series in which the amplitudes of all the terms depend on the thickness of 
the layer and the thermal diffusivity of the soil. 
Expression (8.80) enables one to apply appropriate experimental data 

and determine the thermal diffusivity of the soil layer by layer. In practice, 
it is convenient to calculate x using the values of the layer temperature at 
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time t*, when in the diurnal march of the temperature the second term of 
the series becomes close to zero. In this case 


of p> MAm COS (mo —on— 7) 
COTES ) 
xo 


| — 


Furthermore, if the soil temperature can be represented by a single 
harmonic, then 


ge 2 NSD. (8.81) 
8 ft att’) 
aa} 


where At(t*) is the deviation of the mean temperature of the layer boundaries 
at time +* from the averaged value (x* is expressed in hours). 

We shall now describe a second method /36/ to find x(x). If the measured 
temperature under nonsteady conditions satisfies the equation 


on 


ot* 
7 = =£ K (x) (8.82) 


ox’ 


then the equilibrium temperature satisfies the equation 


d dt 
AG K(x) 4, = 9; (8.83) 
dt 
hence K(x) =-=Cy, and 
d 
(x)= Cy | Ett, (8.84) 
0) 


where f is the diurnal~mean surface temperature. 
If we consider only a layer of depth A, then 


A 
ty = Cy | ae ° (8.85) 
0 


h -i x 
1=t—ta [ &) | aay thos | (8.86) 
0 0 


which serves as a basis for finding the required function x(x), 
Consider now our particular problem of finding the numerical values 
of ¢(x) at various depths. When 


K(X) =k (1 + mx), (8.87) 
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the problem reduces to finding the two unknown parameters x, and m. In 
this case expression (8.86) assumes the form 


Why In (1 +- mx) + fo. (8.88) 


L(x) = 


Introduce the diurnal-mean temperature averaged over the whole depth 0—AhA: 


a 


t= | tlxjdx. 


ah 


r e@ 


Expression (8.88) is then replaced by 


(fa—t,)  (U+mA)Iin(i+mh) __ 
oe (t, —t.) [mkln(1+mh)} = f (mh). (8.89) 


From (8.89) one can find mh, and consequently also m, The value of mh 
can be easily determined, e.g., graphically. When different numerical 
values of mA are plotted on one axis, and the experimentally known quantity 
f(mh) on the other axis, we obtain a continuous graph; for a value a=f(mh) 
measured under given conditions, one can find the corresponding value of 
mh. 

The value of «, must now be calculated. For this purpose, we solve the 
nonsteady-state problem of heat conduction, not for the observed temper- 
ature ¢*, but for 6=/*—t , where ¢ is the diurnal-mean temperature: 


sz [wo(t + mx) 2] = 2, (8.90) 


The boundary condition for the soil surface is expressed by a periodic 
function of time with harmonics which are multiples of the first (n=1, 2, 
3, ...) anda period 7 of 24 hours: 


0 (0, 1) = fy (t)-+ 839 cos ot + 6.) sin ot + By cos ot + BO sin ot + Sas (8.91) 


where (¢,{t) is the diurnal-mean temperature at the soil surface, 815, 82, 619, 825, 

are the experimentally determined coefficients of the Fourier series, and 
2m 

o=-; is the angular frequency. 


The second condition expresses the boundedness of the temperature 
oscillations at infinity, 1.e., 


6, (x, 7) » pee (8.92) 


xX -> OO 


We look for a solution in the form of a periodic series: 
Q(x, t) = 0, (x) cos ot-+ 8, (x) sin ot + 0,(x) cos 20r-+ 6,(x)sinar+ ... (8.93) 


From equations (8.91)— (8.93) it is clear that 


On (X)| 24 = 92,3 Bn (X)| = On3 (8.94) 
On(X)|,..=9;  BOna(xy|__. = 9. (8.95) 


Introducing the notation 
§,, (x) = 8, (*) +18, (x) (8.96) 


and substituting (8.93) in (8.90), we obtain the following differential equation 
for @: 


= | #o(1 + mx) ae] = — wind (x), (8,96a) 
subject to the conditions 


on (x) | eo = On, + i82,3 9, (x) | ==): (8.96b) 


X= 


The solution is known and has the form 


8 (x) = CH) (En Vi) + Cots) On Vi); (8.97) 


where we have introduced the following notation: 


3 =f morn (8.98) 
a m Ko ‘ 


6,=Enl, =o Vm. (8,99) 


m Ky 


Condition (8.92) implies C,=0; if conditions (8.94) are satisfied, then 


a FIDE V i 
8, (x) =(8n,+ £8n,) Aneta 


Since the Hankel function can be expressed in terms of real (her) and 
imaginary (hei) parts, defined by 


Hi (&n Vi) = her (En) + é hel (2), 


a number of transformations will yield the following expression for the 
required quantities 0,(x) and 6,(x): 


B(x) [oz + G2 7{ Bert Gad hel? Ga) 1 
(2, (P +18, (OP = [6%, + 82] seer ey-E nel) | ad 
It is convenient to introduce the following notation for the semiamplitudes 


of the n-th harmonic of the diurnal temperature oscillations at a depth x and 
at the surface: 


An (x)= V[0n(x)P+[6n(2)?, Ba = V8 +8, 


as well as the following notation for the combination of her and hei in the 
square brackets on the right of equation (8.100): 


F,,(m, to, x)= V [her? (&,) + hei? (E,)] [her?(8,) + hei? (6,)|7. (8.101) 
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Hence, equation (8.100) assumes the form 
An @) — F,(m, Ko %). (8.102) 


Relation (8.102) may serve for a graphical determination of the parameter 

Ky. Infact, for a given depth x, the left-hand side of (8.102) is known 
experimentally, and, as indicated above, the parameter m can be determined 
from the distribution of the diurnal-mean temperatures. Therefore, the 
right-hand side of equation (8.102) will contain only the single unknown 
parameter x. If we confine ourselves to a single diurnal harmonic (n=1), 
then 


l max min 8.103 
By = 5 (81 — OF ). \ 
A, => (Omex + Or (8.104) 
“{her? 8 (1 hei? [5 (1 
Fy (mn, ko, *) = tet Oe OC en ey aay mul) 0 (8.105) 


We now generalize the problem by assuming a nonlinear power 
dependence of « on depth (this version of the problem was solved by us 
jointly with Tseitin): 


(X) == Ky (1+ mx)*, (8.106) 


where eis Small. 
Applying similar considerations to the steady-state equation of heat 
conduction, we obtain 


__ tart (1+ mhy't®—1—mh(1 +e) | (8.107) 
th—t, (mh) (1+ e)[(14+- ma)? —1] 
In the present problem the expression analogous to (8.89) is more 
complicated, because the same experimental combination of temperatures 
in the form of a now depends on the parameter eas well. Of course, we 
could determine mh and e in advance on the basis of experimental data and 
their physical interpretation, and plot a graph to be subsequently used in 
concrete cases for finding the required values of mh and e uSing values of 
e measured in each separate case. However, since eis small, the problem 
can be simplified by reducing it to the previous version, where a=/(mh). 
Expanding (l+mh)® and (1+mh)'*® in a series, retaining only the first 


two terms and, in a first approximation, neglecting 5 In(1-+- mh) in 
comparison with unity, we obtain after simple transformations 


_, 1+ mh mh 
[(mh, &) * Trae (1 —~ + mhy In (1 + mh) iz (8.108) 


Applying (8.108) at the two depths A, and 2, we have 


mh, 
fi(mhy ce) mhg(1-+mh) | | Wp may [in + ma) 
fo (mh, e) mh, el -+- mhg) Tie: mhy : 
(T-F mh) {in (T-F maha) 


(8.109) 
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The required value of m is found by the graphical method based on the 
experimental temperature data at the two depths A, and h,, These values 
are substituted in (8.108), and by successive approximations the value of 
e is derived. 

To determine &, the nonsteady-state problem of heat conduction is 
solved as before for a deviation from the diurnal-mean temperatures: 


08 0 _e 0b 
S =o | eo(l +m) “|: (8,110) 


where the deviation 6 at the surface is given by the Fourier series (8.91). 
A solution is sought in the form of the series (8.93). Inthe present case 
the given harmonics of the temperature curve at the surface, (8.94), and 
the boundedness at infinity, (8.95), represent the boundary conditions. The 
complex function @,(x)is introduced. Substituting (8.93) in (8.110) and 
making use of (8.96a) and (8.96b), we obtain the following differential 
equation for 9@,: 


al ans oe NAR ye 8.111 
Toe + [(1 —22)] 52 + 18, (n,) =0. (8.111) 

where 
Te = TH V gy (tmx) and P=77-° ( ) 


The solution must satisfy the two conditions 


Un (Ta) me |e On, + i8:,3 Ane (N,) = 0 : (8.113) 
where 
pee 8.114 
Na, = Ite . ( ) 
The resulting solution of (8.111) is 
Hp’ (mV) (8,115) 


= (1)\" (04, + i0n,) eee 
Outta) = (Ge) Oot Bed aS GEA 


The function H))is expressed as the sum of real and imaginary parts. When 
(8,115) is multiplied by the conjugate expression and the notation A,(x) and 
B, is introduced for the semiamplitudes of the n-th harmonic of the 
temperature oscillation at depths x and x=0 respectively, we obtain 


ef her? hei? 
Aa) — (1 + mx)? y ee ees (8.116) 
n herp + heipn,,, 


Relation (8.116) can serve to determine graphically the required parameter 
Koy, Since A,(x)/B, is experimentally known, and m and « are determined by 
recording the diurnal-mean temperature at two depths in the soil. 
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When n=1 (only a single harmonic) in the temperature curve, the 
problem simplifies as in the previous case, since A;(x) and A, are easily 
recorded and used in formula (8.116). 

When using (8.116), one must set up a table for her, and hei, of the P-th 
order; this constitutes a technical, though not fundamental, difficulty. In 


view of this, the following expansion can be used for small and large values 
of y: 


HD (n V1) = le (nV) =/o(n V7) (1 + ictg xP) — 5 !_p(nV7). 


When y<l° 


cl 


rete) —=(8)’ partepy| (coe 22 ete asin n )x 
Gry 


4 1 7 
x — OFFA T whonle (3) x 


2\2 
x (sin ae tctgaP cos +) r ee ee ae 
—~ FPL (2) | oin +74 COs aP (7) — 


at 

can I sin (T) — 
2(1—P)Q@—P)” 4 \4 

1 


— STO Sa 8 (F) +f 


heip(n) = (3)" rice | (sin aon ctg wP cos =-\x 
cz) 


4 | "? 2 
x ; ~ 2+ P)(2+P) as ane (1+ P) (r] x 


ul 2 
uP gs. AEP 4 
x (con 22 eg asin P))1 — SGFP TF) T |. 


r(P) (n\Pf... aP (F) sin — 
x— A (3) [eos — ay (4) 19 


] 1? nwP 
—sE=AyeHH (AT) es + 


uP 
sin —— 


4 n? 8 
+ 6 (1 — P) (2— P) (3 —P) (F) aaa 
When y>2, 


her p(n) =) Zexp (— Fe} jos (-4--F)em + sin (3 _= — =F) Eo(n)], 
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where 


GG t= (1 — 4P)? 4 (1 — 4P?) (9 — 4P?) (25 — 4P?) __ (1 —4P?) (9 —4P?) (25 — 4P?) 
8V2y 3072 V2 3072 V27 a aoe 


1 — 4p? 1 —4P2) (9 —4P? | —4P2) (9 — 4P2) (25 — 4P2 
Paya 8 )¢ 4 )( x da, 


8V 27 12812 3072 V2 » 


These constitute the results of the problem formulated here. The 
following are problems which require solving: 

a) using other forms of «(x); the scheme developed and illustrated above 
for linear and power functions of «(x) can be applied to logarithmic, 
exponential, etc. forms of k(x); 

b) searching for the unknown form of the function x(x) withthe aidof actual 
field temperature observations. Expression (8.86) may be a basis for such 
determinations, Other ways of solving this promising problem should also 
be sought; 

c) allowing not only the thermal diffusivity to vary, but also the thermal 
conductivity and specific heat. Inthe latter case, the soil depth profile of 
these quantities can only be obtained from temperature observations, The 
scheme developed for solving the problem is unsatisfactory for this purpose 
and a new search is required. 

The first of these problems has already been solved in Shapovalov's /37/ 
work (carried out under our direction) for logarithmic and exponential forms 
of K(x). 
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Chapter IX 


HEAT BALANCE AT THE ACTIVE SOIL SURFACE 


§ 1. THE CONCEPT OF HEAT BALANCE AT 
THE ACTIVE SURFACE 


In Chapter VIII we considered a group of problems concerned with 
clarifying the nature and evaluating methods of determining the effective 
values of the thermophysical characteristics of soil, as well as with finding 
out the character of the main factors and their formation. The values of 
the thermophysical characteristics are required to write correctly the 
differential equation of the equivalent thermal conductivity, i.e., the basis 
from which follow the solutions of the main energetics problem of finding, 
evaluating and analyzing the temperature field in a natural soil. 

However, before this problem can be solved the boundary condition at 
the soil surface must be correctly formulated. The heat balance equation 
used as a boundary condition provides the most fruitful approach. Here, 
the concept of ''soil surface'’ must be more accurately defined. 

Due to uneven topography, the existence of a plant cover, adjoining 
sections of land and moisture, snow and ice, and So on, the concept of 
soil surface’ loses its usual meaning of a mathematical surface and 
acquires a fairly arbitrary, indefinite and far from two-dimensional 
character. It is therefore more correct to speak not of the soil surface, 
but of the active surface, by whichis meant the dynamic and active surface 
at which incoming solar energy is transformed. 

In reality this concept does not describe a surface, but a very thin layer 
in which solar radiation is absorbed with subsequent heating and emission. 
Only in the limit may this layer be taken to have zero thickness, At the 
active surface heat is exchanged with the surface air and the underlying soil 
layers, resulting in temperature oscillations which involve a fairly deep 
soil layer, whose thickness depends on the thermophysical characteristics 
of the soil and the period of the heat wave (e.g., 24 hours, ayear). This 
layer, which is conveniently called the active soil layer, is bounded above 
by the active surface, and below by the constant temperature level, i.e., 
the depth level no longer reached by heat waves. 

The source of all thermal effects on the active surface.is what is termed 
direct short-wave solar radiation, which is attenuated in the atmosphere 
and has intensity Sy, at the level x =0. This flux of solar radiation is the 
amount of heat arriving per unit area in unit time, and is expressed in 
erg/sec- cm? or cal/min: cm’. 

Another part of the solar radiation, termed diffuse radiation S,;, arrives 
at the active surface after scattering by air molecules, dust particles, 
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foreign admixtures and ions. The incoming short-wave solar radiation, 
termed total flux and defined by S=S,;,+S,;;,, is added to the long-wave 
radiation E, arriving from the atmosphere. This latter constitutes the 
part of the direct solar radiation which is absorbed by water vapor, ozone, 
other atmospheric gases and all kinds of dust impurities, and emitted by 
them to the earth. 

[For a bare surface, we shall assume that] all the incoming radiation, 
S+E,, is reflected and emitted at the active surface, the reflected long- 
wave radiation being extremely small. 

Energy is mainly reflected as short-wave radiation of amount S, (or, 


if expressed as a percent, 32 100% =A,, the albedo), whereas long-wave 


radiation is radiated back by the active surfaceintothe atmosphere; denote 
this latter quantity by F.,. Thus, the total radiation loss is So+E£,,, The 
algebraic sum of the radiation fluxes, or net radiation balance, at the active 
surface is 


R= (Suir +S 43¢ +50) + (Ea + Eom) = Ry yt, (9.1) 


where R =SugirtSji4+S.) is the short-wave radiation balance and 3 is the long- 
wave radiation balance, or the effective radiation. During daytime 


R= (S gi. S$ 9:4 — So) + (Ea — Bem) ee) 


at nighttime 
Sg S$ gS, = S = 0, (9.3) 


and so the whole radiation balance is expressed by J=FE,—E.m. The energy 
R remaining after all losses due to reflection and back radiation comprises 
a quantity P spent on turbulent heat exchange with the surface air, an 
amount T on evaporation, and an amount B accounted for by heat transfer 
to the interior of the soil by conduction. Thus, by the law of energy 
conservation, the total heat balance at the active surface has the form 


R+P+T+B=0. (9.4) 


The terms of equation (9.4) have signs which depend onthe time. By 
day, for example in summer, P and T are directed from the soil surface 
to the atmosphere, and B from the soil surface inward. Taking the latter 
as the positive direction, P and T are negative and Bis positive. At night 
in summer P and T are usually positive and B negative. Following the 
assumptions of dynamic meteorology, P and T are defined by 


dt 


dt 

P=K,i.Pailp Ge tis, dx and (9.5) 
d d 

T= LK iP air °F ead = ALF ae (9.6) 


where gq is the water vapor pressure in the surface air, L is the latent heat 
of vaporization of water and cpis the specific heat of air at constant pressure; 
Kairs Pair and A represent respectively the coefficient of turbulent thermal 
diffusivity, the density of air and the turbulent exchange coefficient. 
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A more exact analysis showed that the coefficients A in the expressions 
for P and T are not identical. In addition, when calculating the heat flux 


P (in contrast to the vapor flux E= -) one cannot assume that the eddies 


mix over the mixing length without displacement. In virtue of this 
Ps= Ac, (- +a) , where yo=P when & —-0. Atthe sametime, the analogof 


the term y,in the expression for 7 may be omitted. The heat flux B into 


the soil can be represented by 
B= Kpc ; (9.7) 


The latter expression is usually represented as the sum of two terms, 
one of whichis equal to the heat flux affecting the heat content of the top 
soil (the arable layer 0—x, which undergoes the largest temperature 
oscillations), while the second represents the heat flux into the soil interior 
below this layer. In other words 


, (9.8) 


x= 


dt 
B=CAt+i— 


where C is the heat capacity of a layer of thickness 0—x with base 1 cm’, 
At is the temperature variation of this layer per unit time and A is the 
thermal conductivity of the soil below this layer (x;— oo), 

On this basis, the heat balance equation for the soil surface can be 
written as follows: 


At At Aq 
R=CAt+aq | 1 Mee Ke |g AE el, oo’ (9.9) 


f— 


where the derivatives at x=0 are replaced by finite differences for the soil 
and air. With the aid of (9.2), this expression assumes the form 


At 
P Ax He 


At 
S sir + Si So EK E m= CAE+ A= —Ac 


Kak, 


Aq 
grab - (9.10) 


When solving equation (7.32) for the temperature field in the soil, such a 
boundary condition should be formulated jointly with the condition of 
boundedness at infinity and the given initial conditions. 

The above concept of heat balance in the soil refers to the simple case 
of a bare surface. The problem is far more complicated for a surface 
partially covered by plants. The above fluxes of direct and diffuse radiation, 
Sj, and S,,, now reach the leaf surface. The same is also true for the 
incoming long-wave radiation from the atmosphre E£,, but, in addition, the 
back radiation of the soil to the lower surface of the leaves must be 
accounted for. As aresult, the total influx of long-wave radiation to the 
leaf, F,.,,, will equal Exa+Eem. The expenditure terms of the radiation 
balance of the leaf surface differ from those for bare soil. We denote the 
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leaf reflectivity by Si*! The long-wave emission £.. from the leaf to the 
atmosphere and soil is approximately 20,.47j.a;(where OjeaiS the radiation 
constant of the leaf, and 7,.,,is its absolute temperature). 

Other components of the heat balance of the leaf surface, namely, heat 
retention by the leaf, Q,.., and heat conduction in the leaf, N, are extremely 
small and may be disregarded. Convective heat exchange Ly with the 
surrounding medium is expressed in terms of the heat transfer coefficient 
Qairteas OL the leaf in air and the temperature drop between the leaf and air, 
by the formula Lo=2e ajjcapAlair-ieape Lhe heat of foliar transpiration is /=yx AP, 
where x is the mass transfer coefficient, and y is a numerical factor, 
which is equal to unity in the case of full moisture saturation and is less 
than unity for a lower moisture content; when the leaf is completely dry, 
this coefficient is theoretically equal to zero. The quantity AP is the 
difference between the water-vapor pressure in the air around the leaf in 
the case of maximum Saturation, and at the temperature of the evaporating 
surface. 

If during the development of the plant cover one takes into account the 
relation between the area of bare soil and the area covered by plants, and 
refers all heat fluxes to unit area and unit time, then the diurnal active- 
surface heat balance of an agricultural field will be expressed during 
summer by the following equation: 


[Sut Suet Sot Ba +E emt PAT +B) AS iit Sap tSy + Ey +E t20,,,,7 1 +Lyt 1] =0. 


teaf | 


(9.11) 


The terms in the first square brackets refer only to the bare soil, and those 
in the second refer to the area covered by plants. All downward fluxes to 
the. active surface should be taken as positive, and those in the opposite 
direction as negative. Hence, equation (9.11) may be written, for example 
during the summer daytime period, in the more detailed form 


dir if 


a [Sart Suit le E, _ Oi oel eak ma se reat hé itleaf_ yx At} = 0. (9 ‘12 ) 


a 


[St Sy Sot Ea — Bagi CALA FE — Acy Se — AL 2] 4 


Radiation, and convective and transpiration energy exchange between the leaf 
and the air is accounted for both into the atmosphere (upward) and into 
the soil (downward). Owing to the small size of a leaf, the regular 
distribution of these quantities should be allowed for more accurately. 


§ 2. PHYSICAL FACTORS CONTROLLING THE 
COMPONENTS OF THE ACTIVE-SURFACE 
HEAT BALANCE 


Fach term of the heat balance can be expressed approximately in terms 
of the parent and more elementary quantities, as demonstrated by the first 
of the following two schemes. The many factors affecting the components 
of the active-surface heat balance of the soil-air-leaf system can be reduced 
to four groups of numerical characteristics of this system, given in the 
second scheme. 
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Heat-balance 
Group 


component 


1 Ss dir 

e S Jif 

| 
4 Ex 

a) ‘a 
. 
| G 


a) 


b) 
c) 
d) 


a) 


b) 


Parameters, in terms of which the given component can be expressed 


Sun declination, 6 

Geographic latitude, 9 

The angle representing the solar height above the horizon, or the hour 
angle, o 

The inclination angle of the surface to the horizon, 6. 


The quantities enumerated in group 1 

Atmospheric transparency, Pr 

Cloudiness of all three levels: low (n,), middle (m2) and high (n,) 
The first quantity in group 3. 


Surface roughness, nature and height of the cover—relative measure of the 
intluence of Z, 

The color of the soil surface—the relative value of A 

The moisture content of the surface soil layer, W 

The latter three quantities can be expressed in terms of the soil reflectivity 
A,—the integral albedo. 


Air temperature, ?,;, 

Water vapor pressure, q 

Cloudiness levels, my, m2, M3 

The latter two quantities can be expressed in terms of the emissivity of the 
Sky, Oy. 


Color of the active surface, A 

Surface roughness, nature and height of the cover, Zp 

The latter two quantities can be replaced by the integral emissivity of the 
active surface, go 

Temperature of the active surface, fy. 


Temperature profile in the soil, re 


Porosity, p 

Soil moisture content, W 

Soil density, p 

Chemical-mineralogical composition of the soil, * 
Structural-mechanical composition of the soil, S, 

Temperature of the soil surface, 1 

The latter six quantities can be replaced by three thermal characteristics 
of the soil; thermal conductivity 4, thermal diffusivity x, and volumetric 
specific heat C, 


ree . Af 
Temperature profile in the air, ——" 


Surface roughness, Lo 

Wind profile, vu (+) 

Characteristic of the surface layer stratification, e 

The latter three quantities can be replaced by the turbulent exchange 


coefficient, A. 
Aq 


Air humidity profile, Te: 


The latter three quantities in group 7, 
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Heat-balance 
component 


Group Parameters, in terms of which the given component can be expressed 


a) Leaf color (relative quantity, A,) 

b) Leaf water content, W,..; 

c) Roughness of leaf surface, Z4°*! 

d) Leaf temperature (in the absolute scale), T\..4; 


The first three quantities can be replaced by the leaf emissivity, 0 ,.,;- 


The first three quantities in group 9; these can be replaced by the leaf albedo, 


A leaf: 


a) Wind velocity near the leaf, v 
b) Leaf roughness, Zea 
11 Ls c) Temperature drop between the air and the leaf, Afairjeat 
The first two quantities can be replaced by the heat transfer coefficient 
of the leaf, Oaineat- 


a) The first two quantities in group 11 
b) Percent of leaf surface occupied by stomata, s 
12 | c) Leaf water content, W jess 
d) Vapor pressure drop, AP, in yeas 
The first three quantities can be replaced by y and x, 


Constant 


Cosmic Surface air Soil Plant 
quantities, a ra cates : 
; ; characteristics {| characteristics| characteristics} characteristics 
in practice 
At leaf 
alr 
Cp p, 6 Ay, Sig Oar tains Ay Zo, B, 0, p Gar Z5 , A reat 
Ag At 
L ate Ry, Ny, ny U (x), Ax 0, t, Ax 0 leafeairs y 
A C, A, K, Ag x, A, 
A 


In this case the soi: temperature is a very complicated function depending 
on depth, time of observation, and all the soil, surface air and plant para- 
meters involved in the heat balance equation: 


At ai 
t= Wl x, T, Q, é, Nos Payro fy» No, Ny, Oa; bitin v(x), 


leat? 


\. (9.13) 


A 
<2, A, Ze B, A, O, dD: 0, W, Xx, Sys A, A, K, G, Oo 


Zit, y; %, A. a W A¢ 


alr-leaf’ leaf? air-leaf 


Equation (9.13) serves to estimate and control the temperature regime of 
soil, since it indicates the extent to which particular factors affect this 
regime, and how they should be modified in order to obtain a desired thermal 
effect. We may also estimate and control all the other components of the 
thermal regime in addition to the temperature, particularly the heat fluxes 
into the soil and the heat retention in it, since the heat flux can be found by 
differentiating (9.13), and the heat retention by integrating this function 
within given time limits. However, in view of the complexity of (9.13), 
equation (9.4) or (9.10) is usually used in all calculations. 
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§ 3, EXPERIMENTAL METHODS OF DETERMINING 
THE COMPONENTS OF THE ACTIVE-SURFACE 
HEAT BALANCE 


We describe here a recently developed technique /1, 2/ (which is more 
complete and correct than earlier techniques /3—7/) for recording automa- 
tically and continually all the heat-balance components. The device was 
tested under stringent field conditions on virgin soil in Tadzhikistan and the 
Ukraine, was found to be reliable, and yielded very accurate measurements. 

Until now, synchronous recordings of the terms in equations (9.4)—(9.10) 
were made as often as possible, e.g., to obtain sufficiently accurate values 
of P and T, the parameters of equation (9.10) had to be observed ten times 
per hour. This approach involved a technical difficulty due to the many 
parameters in (9.10), in addition to fundamental difficulties associated with 
the necessity of Simultaneous and continuous recordings. 

Field surveys were carried out by the Agrophysical, Hydrological and 
other institutes, and some rules and empirically based assumptions have 
been proposed to facilitate the work of large teams of observers (numbering 
tens and sometimes hundreds), However, there then arises the difficulty 
of processing all the data, and obtaining measurements of the temperature, 
soil water content and their gradients, as well as density, thermophysical 
characteristics of the soil, radiation fluxes, temperature and humidity 
profiles of the air; etc. Consequently, the final results for individual heat 
fluxes and the heat balance are obtained long after the observation time, 
when their practical worth has decreased appreciably. 

Most of these difficulties disappear when one uses automatic, centralized 
and continuous telerecording of the heat-balance components, so enabling 
the required results to be obtained without any processing and intermediate 
calculations. 

Fquation (9.10) yields the following expression for the turbulent exchange 
coefficient: 


R—B (R— B) Axa 
ASS (9.14) 
At %9 Aga at 
Cp Ax +e Ax 


When the numerical values a=0.48 ( Ag in mm of mercury), a =0.64 (Ag in 
mb), cp = 0.24 cal/g-deg and L=600 cal/g are substituted, we have 


Aa (RS) 0.48 dx (9.15) 
Ag + 0.48 Ad 


Hence, from (9.5) and (9.6) 


pa (R= 8) Ag 


—~~Ag-+aht ’ (9,16) 
__ (R — B) Ata 
a Agq-+aht ° ee) 


Thus, an electronic computer could be built to yield directly the values of 
P, T and Avia sensors measuring R, B, At and Aq at the circuit's input. 
If these latter data are also recorded, it is possible to have a universal 
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FIGURE 9,1, Photograph of the net radiometer. 


FIGURE 9.2, Photograph of the soil heat flux plate and meter. 


station giving all the components 

R, B, P, T of the heat balance; in 
addition, the values of A, Aft and Aq 
could be obtained. 

In practice, this scheme consists 
in applying electric signals which are 
proportional to(R—8), At and Aq, and 
obtaining Signals at the circuit's output 
from an automatic self-recorder. 
There are three primary sensors: a 
net radiometer (Figure 9.1) for the 
radiation balance, a heat flux plate 
(Figure 9.2) for the heat flux into the 
soil, and a set of two psychrometers 
(Figure 9.3) for the air temperature 
and humidity gradients in the surface 
layer. The net radiometer is a 
thermoelectric receiving bank of 
Hutchins alloy, which is protected 
from the wind by a hemispherical 
polyethylene filter. This filteristrans- 
parent over a wide range of wavelengths 
(0.3—100p) covering the total short- 
wave solar radiation and the long-wave terrestrial radiation /8/. 

The heat flux plate (10X10X0.3cm) is made of textolite with a known 
thermal conductivity 4, and has a winding of constantan wire which is half 
covered (electrolytically) with copper. When the plate is placed horizontally 
at a depth of 2—3cm in the soil, the winding produces a thermal emf due 
to the natural temperature gradient in the soil. This emf is proportional 
to the temperature difference At between the upper and lower surface of the 


FIGURE 9.3, Instrument for measuring the vapor- 
pressure gradient by means of two psychrometers. 


plate of thickness Ax. Thus, the required flux Bai can be found with a 


small error /9/, 


FIGURE 9.4, Block diagram of the recording station system: 


Units: I~IV—sensors of Af, Ag, R and B; V—recorder of the primary sensors; 
Vi—actuator; VII~programmer; Vil]J—computer; 1X— integrator; X— analyzer; 
XI—recorder of the output data, 
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The instrument for measuring the vapor-pressure gradient consists of 
two wet-and-dry bulb psychrometers whose semiconducting thermistors 
(STS) are connected respectively to the arms of two bridge circuits. At 
the output of the bridges, which are connected in opposite polarity, a voltage 
proportional to the humidity difference between the elevations of two 
psychrometers is obtained. At the output of the bridge to the dry STS [dry- 
bulb thermistors ]|the voltage is proportional to the temperature difference 
between these same elevations (0.5 and 2.0m) /10/. Owing to the high 
temperature coefficient of the resistance and the use of a differential bridge 
circuit, the use of STS's of the type MMT-4 and KMT-4 provides directly 
very accurate values of At and Ag (0.03° and 0.05 mm). 


FIGURE 9.5. Photograph of the thermal balance recording system. 


The STS's are enclosed in a housing containing a small aspirator and a 
small water tank for moistening the wet STS's. All these operations are 
performed by remote automatic control /11/, The computer itself uses a 
continuous-operation computing circuit consisting of the following units: 
actuator, computer, programmer and recorder. The circuit also includes 
a polarity analyzer and an integrator of the measured quantities. The 
computing unit converts proportionally the input voltage signals with the 
aid of contact servomechanisms and resistances according to the following 


relations: 


R,=0,(R—B); Ry=a,Ag; Ry=a,(Ag+adt); Re=a,At, 


where R2, R; and R, are the arms of the electronic bridge whose balance is 
determined by the fourth arm R;, which is proportional to the required 
value of A (analogously to P and 7); R is the net radiation and B is the heat 
flux into the soil. 

The instrument is built on the basis of the EPP-09 twelve-channel 
potentiometric recorder. The input and output quantities are printed ona 
tape with atime scale. The readings of the sensors proceed to the input 
of a unit, which integrates with respect to time, and its readings are 
registered as digits in the counters (Figure 9.4). The circuit includes a 
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clipper to exclude close values of Af and Ag which have opposite signs, so 
that the integral values of the required fluxes do not involve instantaneous 
values which introduce large errors. In addition, a logical relay circuit is 
used to determine the sign of the resulting quantities relative to the sign of 
the input signals. Table 9.1 gives processed observations (integral over 
each hour) obtained (from the recording on the tape of an SG-6 self- 
recorder ) from the recording system, a photograph and electric scheme 

of which are shown in Figures 9.5 and 9.6. 


§ 4. SOMF HFAT-BALANCE COMPONENT 
DISTRIBUTIONS OVER THE ACTIVE SURFACE 


During the past 10—15 years experimental data have been accumulated 
which allow one to evaluate the relative importance of each term in the 
general heat balance equation. Until recently, these measurements were 
performed by complicated methods of recording the many quantities 
involved in equations (9.9)— (9.13), and were therefore only available to 
technically equipped and highly trained scientific teams. The main results 
in the literature were obtained under survey conditions by institutions 
including the Agrophysical and Hydrological institutes, the Geophysical 
Observatory, and the Geography Institute of the Academy of Sciences of 
the USSR. 

It is only since 1960, as a result of the automatic technique described in 
§ 3 of the present chapter, that such data began to be collected at various 
remote points of the Soviet Union (Kulunda, Rostov and Tashkent regions, 
Tadzhik SSR, etc. ) on specific soils, both in the presence and absence of 
a vegetation cover, for various agricultural crops, and under the application 
of diverse land improvement and agropedological measures, 

We turn now to examine some examples which illustrate both regularities 
in the distribution of heat-balance components and departures from them 
due to various factors. 

The weather factor. The first point is the exceptional day-to-day 
variability in the individual components of the heat balance. Consider, for 
example, the diurnal values (in cal/cm?) of R, P, B and T during several 
days in June 1952 around Saratov. 


24 June 27 June 28 June 


R 367 396 271 
P — 34 —15 — 29 
B —26 —150 21 
T —3807 —231 —263 


During the 24 hours from 27 June to 28 June R decreased by 30% and 
B increased manyfold and changed sign; the flow due to evaporation changed 
during several days by 25%. Even more striking figures can be given. 
Thus, the magnitude of B on 15 June was 4, whereas on 27 June it was 
—-150. The value of P varied in the period 15 June through 19 June from 
—-27to —298, andon 20 June returned to its previous value of —25 cal/cm?. day. 
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such variability is due to weather conditions, the presence or absence 
of cloudiness, precipitation and so on. Only in clear stable weather (such 
as that encountered in the south in desert and semidesert regions) are there 
no jumps in the heat-balance component distributions. On the other hand, 
in the north of the Soviet Union, in particular the Leningrad Region, where 
meteorological conditions undergo very sharp and frequent changes, the 
variability in the balance components is particularly high. 

Figure 9.7 shows data for the Kulunda Steppe, obtained during June, July 
and the beginning of August 1963 /12/, 


RLEPB Irrigation 
cal/em’. day 4 Vv Precipitation 
Ww 100 m? /ha &?im /ha 100 a 3 Jha 456 mm 
10+ 400 ge : 
: 3OU 
6 4 
200 Ss 
4 yo 
100 


M4 
Lar VX ey 


4y— ld BOO G 0 4 6 G 6 OH. 3 7. 
OS —~— 
June July August 


FIGURE 9.7, Variation in the components of the heat and water balances, and in 
the water content of a root zone during the observation period; 


R—radiation balance; LE—heat lost on evaporation; P—turbvlent heat flux into 
the air; 8 —heat flux into the soil; W—soil water content. 


In between irrigations the variations in the components of the heat balance 
are fairly moderate. Thus, R varied from 24 June through 10 July (i.e., 
from irrigation to irrigation) within 380— 430cal/cm’:- day, and P and T 
varied during the same period within 160—230cal/cm’-day. Even such a 
radical measure as irrigation does not cause a prolonged sharp rise in R, 

P and T, Two days after irrigation, the increase in R and 7 and the 
decrease in P have disappeared and the former picture is re-established. 

The sharpest dependence of the components on the weather conditions is 
naturally observed in the north of the Soviet Union. Figure 9.8 illustrates 
this by showing the time variation in components of the heat balance in the 
Leningrad Region as related to weather conditions, These data /13/, 
obtained on cabbage fields, sometimes display a sixfold component variation 
upon the transition from cloudy to clear weather, 

A characteristic feature in the behavior of all the heat-balance component: 
is the clearly pronounced diurnal march, Each of the quantities Rk, P, B and 
T, aS well as combined elements of the radration balance, pass through zero 
twice per 24 hours (morning and evening) and attain a maximum at approxi- 
mately midday, and at night a minimum under all conditions and in all 
regions of the globe. This periodic variation follows from the natural diurnal 
rhythm of the source of all energy processes, namely, the influx of direct 
and diffuse (i.e., total) radiation (S4;,,+S,,,)- 


247 


Examples are given of the diurnal march of the components of the 
radiation and heat balances at various points of the Soviet Union in summer. 
They illustrate primarily the main dependence of the absolute values and 
the relation of the balance components on weather conditions. Neither the 
soil, the crop, the agrotechnological measures, nor even the location of 
the geographical observation point affect this march as much as the 
meteorological factor. Under the influence of this factor, the periodicity 
in the march of the balance and its components is strongly deformed. 


[Jele]o[o[o[o[9[o]o[olelejefolojo[ole[ele[elefelelelejele[o[ojo[o]efafofafo]ofofofofe}ofofojojefofofojeja} 
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FIGURE 9.8. Variation in the diurnal heat balance of a cabbage field for the period June—July 1959: 


S ai +8 aig ~the total radiation; Rs ,-—the short-wave radiation balance; R—the total radiation balance; E —the 
evaporation, 1—clear; 2—dull; 3—overcast; 4— precipitation, 


Thus, in the Leningrad Region during the three days 7 July through 
10 July 1959, the weather changed from warm to cloudy, during which 
(Figures 9.9 and 9.10) the total radiation at the peak hours decreased by 
more than half, causing a smaller amplitude in all the functions and their 
noticeable smoothing. On the other hand, from 23 through 26 July 1959 the 
weather was relatively stable over the same cabbage fields, and accordingly 
the magnitudes and distribution of the individual components in the general 
radiation and heat balance varied only slightly from day to day. 

Figures 9,11 and 9,12 show that the periodicity in the diurnal rhythm 
remained clearly pronounced. Finally, Figure 9.13 compares the diurnal 
march of the total radiation, the net radiation and the evaporation in 
the same field for two days (16 July 1959—a day with little cloud, and 
22 July 1959 — an overcast day) under different weather conditions. 

Under the stable weather conditions of the south the distribution of the 
magnitudes and diurnal variation of the heat-balance components for fields 
with winter wheat should be more stable. It follows from Figure 9.14 /14/ 


2203 248 


cal/cm?. hr 


FIGURE 9.9. Diurnal variation in the components of the radiation and heat 
balance: 


Sairt Sgip ~the total radiation; S$,=R, —the reflected radiation; Rs y-the 
short-wave radiation balance; R—the total radiation balance; E.¢ —the effec- 
tive radiation; B—the heat flux into the soil; LE —the total evaporation (7 July 
1959). 


cal/em*- br 10 Jul 
70 : 


FIGURE 9.10, The same as Figure 9,9; 10 July 1959, 


oe hr 23 July 24 July 


FIGURE 9.11, Diurnal variation in the radiation-balance components during the last ten days 
of July over truck crops in the Leningrad Region, 


Notation as for Figure 9.9; observed in 1959, 
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that the net radiation increased with time from 20 May through 1 July by 
70%, and the amount of turbulent and latent heat flow also increased almost 
as much; the heat flux during this period increased only slightly. The same 
effect is even clearer in the Kulunda Steppe. Figure 9.15 shows the seasonal 
dynamics of the heat-balance components in the period of cotton growth in the 
Kulunda Steppe from 20 July through 7 August 1963 /12/. We observe a 
continuous increase of all the components due to the rise in insolation, and 
the natural monotonous rise in the total radiation and net radiation, as well 
as in the evaporation from the whole growing cotton field. However, if the 
same process is studied later (in September and October, when insolation 
decreases, and the growth of cotton and productive evaporation stops), one 
observes after August (e.g., in Tadzhikistan) not an increase, but a 
decrease in all the components of the radiation (Figure 9.16) and heat 
(Figure 9.17) balances /15, 16/, 


cal/cm?. hr 26 July 


ee ee ee ABN 


FIGURE 9,12, The same as Figure 9,11; 26 July 1959. 


cal/em?. hr 16 July, a day with little cloud 


FIGURE 9,13, Diurnal variation in the total 
radiation (S$), + S3ip, tadiation balance (R) 
and evaporation (£) during a day with little 
Cloud and a cloudy day, 
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10 20 May 


FIGURE 9,14. Diurnal variation in the heat-balance components in the Kamennaya Steppe: 


The thick solid curves represent A, the thin solid curves P-~-7, the dashed curves 4; a—in the steppe; b~among 
forest belts. 


R,LE,PB, cal /cm*- day 


June July August 


FIGURE 9.15, Integral increase in the heat-balance com ponents 
during the observation period, 


The agrotechnological factor. By applying various agrotechno- 
logical and forest-improvement measures, one may change the distribution 
of the heat-balance components. Thus, in arid regions one should conserve 
moisture stored in the soil, strive for economic irrigation applications and 
inhibit evaporation. Soil in the southern parts of arid regions must be 
irrigated, afforested, etc. to reduce the heat flux into the soil, and so 
prevent excessive overheating. On the other hand, in the north one must 
apply such cultural methods which contribute to additional heating and 
freeing of the soil from excess moisture. Such measures include a system 
of soil mulching, covering its surface with various kinds of films, bitumens, 
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mixtures, or special methods of soil cultivation, such as ridging and soil 
packing. All measures of this kind modify the effect of the components on 
the radiation and heat balances, and in the final analysis result in the 
planned control of the soil temperature /18, 19/. 


cal 
cm «min 6 J 2 Jul 
i ine = 2 Ju 
M414 May—5 June” uy 
fom 
10 bom 


2 Aug.=1 Sept, 
P 


/ \ 
ZN 
WN 


a SAE SEL Se Late 


LIZ SPIDER WAG I ETINBON 9 2B 
t. hr 


FIGURE 9.16. Average diurnal variation in the radiation-balance components 
on a cotton field during the development stages (Gissar Valley, 1960): 


1—total radiation; 2—direct radiation; 3—net radiation; 4—diffuse radiation; 
5—reflected radiation; 6—effective radiation. 


Consider, for example, the effect of irrigation on the above components. 
Figure 9.18 shows the diurnal variation in the radiation balance (A) and its 
components (P, B and T=LE) over a cotton field in the Kulunda Steppe as 
a result of irrigation /12/, With approximately equal values of R before 
and after the irrigation, a substantial rise in the evaporation (LE) is 
observed due to a sharp decrease in turbulent flow (P) and a smaller 
decrease in heat flow into the soil (B). 

Generally speaking, LE increases due to a decrease in P, so that their 
sum is always approximately equal to R (to within a small quantity 8). 
Sometimes, when the vegetative cover is particularly well developed, 
evaporation is so intense that it exceeds the net radiation. During these 
inversion periods R+P=LE. This phenomenon can be observed on an 
irrigated cotton field (Tashkent Region) during plant development (see 
Table 9.2). Another example, which is demonstrated by Figure 9.19, is 
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the effect on R and its component of a forest belt around a field witha 
grain crop, under the conditions of Transvolga /17/, The forest improve 
ment results in a decreased net radiation (by 15—20%), and a decreased 
heat flux into the soil (in May) until its heat flux equals that in the 
afforested section (in June and July). 
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FIGURE 9.17, Average diurnal variation in the heat-balance 
components during cotton development stages on clear days. 
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FIGURE 9.18. Variation in the distribution of the radiation-balance coinponents due to 
irrigation. 


As a result the daily amount of turbulent heat transfer decreases by 
approximately the same figure, and evaporation itself drops by only 10%. 
However, in reality the retention and conservation of moisture in the soil 
due to afforestation is considerably larger, if we take into account that 
plants develop far more in the interbelt area, the number of plants per 
hectare is larger and the yield is much higher. It has been observed that 
3943 water units in the open steppe, and only 440 water units in the interbelt 
Space are spent per unit of yield. 
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TABLE 9.2, Distribution of the heat-balance components on an irrigated cotton field from 7 April through 
26 September 1963 (in cal/cm?. day) 


C 
Observation period omponent of the heat balance 


From planting to budding, 7—25 May...-s-eeeee. 247 155 65 


From budding to flowering, 26 May—25 June ...... pe fe | wo | oe 
From flowering to boll formation, 26June—31lJuly... ) cn | 16 | ms | o 0,0 


From boll formation to ripening, 1 Aug.—1 Sept. . fan | 1 | 922 | 0 
From ripening to mass opening of the bolls, 2—26 Sept. pam | 2s | ome | ma 


TABLE 9,3, Heat-balance components under various methods of mulching, in cal/cm’: day 


T t 
Heat-balance Black poly- eae gente Petroleum ; 
é polyethylene Control section 
com ponent ethylene film wastes 
film 
R 176 165 202 180 
3 § B ~13 —5 =21 me 
6 & P —179 —163 =I — 64 
a) Pere —24 —~22 —82 —96 
1 R 226 254 292 275 
26 B —165 —13 ~—31 —16 
BQ Pp —78 —222 —81 ~ 28 
EH | a bs 0) —23 —19 —180 —231 


cal/cm* min 


II 
—t hr 


a ; b 
FIGURE 9,19, Variation in the radiation-balance components on fields with winter 
wheat in Transvolga as a result of afforestation (24 May 1949): 


a—in the steppe; b—among forest belts. 


Finally, the third example is the effect of mulching on the components 
of the heat and radiation balances. Experiments with various kinds of mulch 
(transparent and black polyethylene film, petroleum wastes) have shown 
that, relative to the control section, transparent film applied in the Tashkent 
Region can increase noticeably the net radiation due to an increase in the 
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albedo. On the other hand, in the Moscow Region, where it is necessary 
to raise the temperature, and consequently to lower the reflectivity and 
the whole radiation balance, black film is effective (Figure 9.20). 


cal/cm*. min 


cal/cm?. min 


FIGURE 9.20, Diurnal variation in the radiation balance (a) in the Moscow Region 
(28 May 1962) and (b) in the Tashkent Region (25 May 1963) due to various mulch- 
ing methods; 


Notation: 1—control section; 2—section mulched by petroleum wastes; 3—section 
under transparent polyethylene film; 4—section under black polyethylene film. 


A corresponding behavior is also observed for the magnitude of the heat 
flux into the soil, so producing a desirable soil temperature regime /20/. 
Table 9.3 gives the heat-balance distribution at two locations of the USSR 
(Moscow and Tashkent) for various mulching methods. The quantity R is 
assumed positive and B, P and 7 negative. Inthe south a polyethylene 
film reduces evaporation by a tenth, although the turbulent heat flux 
increases by approximately a factor of 4. Since the temperature in this 
region should be lowered, atransparent film is useful. 

The above examples show convincingly not only the relation between the 
components of the heat and radiation balances, but also illustrate the 
possibilities of controlling this relation in practice when improving the 
thermal regime of the soil. 

In the following chapter the concept of the thermal regime of soils, the 
factors affecting it and methods of its determination are examined in more 
detail. 
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Chapter X 
TEMPERATURE REGIME OF SOILS 


The temperature regime of a soil is the real thermal situation which 
develops in the course of time at various depths. In other words, this is 
the temperature field which forms ina soil of natural configuration, 
structure, density and water content in the process of the continuous 
distribution of the heat-balance components on its surface. Thus, we 
again return to the problem of finding the temperature field in the soil, to 
its more correct estimation and analysis. Chapters VIII and IX clarified 
two highly important facts, which should be taken into account, namely, 
the variable character of the thermal characteristics and the distribution 
of the heat-balance components. 

Two versions of the problem will be discussed: I—the heat balance is 
given on the soil surface and the required temperature in the soil interior 
is expressed in terms of its components; II—the time variation of the 
temperature at some height in the air is given and on its basis, first by 
using data on the heat balance, and then without any data on the state of 
the surface, the temperature both of this surface and at any depth is found. 
A concise solution of the two problems is given. 


§ 1. EVALUATION OF THE TEMPERATURE REGIME 
OF A SOIL FOR A KNOWN SURFACE HEAT BALANCE 


I, The equation of turbulent heat transfer for the air is 


0 Pa 
sl" sel=ae (10.1) 
and of heat conduction for the soil is 
4) Of or 
oz l+oe|= oe: (10.2) 


The heat balance condition on the soil surface is 


ee 


- —P—T=R, (10.3) 


cm t 0 


ot 
ox 


X= — 


where «*, A* and xk, A are the coefficients of thermal diffusivity and thermal 
conductivity respectively for the air and soil, R is the radiation balance, 
T and P represent the heat lost to evaporation and turbulent exchange. 
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The condition of boundedness at infinity holds both atthe depth of constant 
temperatures inthe soil, and at high altitudes in the atmosphere, i.e., 
t=+0 at x=+00,f* =—0O at x=—oo,. The fourth boundary condition is that 
the temperature is continuous at the air-soil boundary, i.e., ¢f|,.,,=#| 

This formulation may be considered as exhaustive in principle. In 
reality, the matter is complicated because thermal characteristics of the 
soil and air are functions of the coordinates. The most natural model for 
«*(x) is given by a linear function of x within the lower h =50-—100m near 
the soil, and a constant value of x* for large A. Thus, K = Koll + mx) for x<h 
and « =const=* for x>A. 

As a result, the two-layer problem becomes a three-layer one, since 
two of the three equations of heat transfer refer to the air and the third to 
the soil. The quantity xo denotes the coefficient of molecular thermal 
diffusivity, i.e., the value of «* at the soil surface (0 = Ky=0 = 0.16 cm/sec), 
while m represents the rate of variation of x* with x, The three-layer 
problem involves two new boundary conditions, which are easily formulated 
as continuity conditions for the temperatures and fluxes in the form 


x=a—Q ° 


2 PY ioe 08 PS (10.4) 


or* ot" ot" ot** 
* as < e eae — eee: 
HCP ait Ge |, 1 OR bP alt = AC, — - genes Fe 


(10.4a) 


Xa —h 


Whereas in the air the specific heat and density may be considered as 
independent of height, and consequently, the thermal conductivity as obeying 
the same law as the thermal diffusivity, in the soil all the thermal charac- 
teristics vary Simultaneously with *«. As already pointed out, one can only 
allow for the real variation of k, co and A with x when the main effects of the 
factors operating in the soil are known. 

There are four such factors—density, water content, aggregation and 
temperature — affecting the thermal state of the soil, and they cannot be 
taken into consideration simultaneously. Therefore, we shall only consider 
the influence of the two main factors, namely, density and water content, 
whoSe variation with depth is particularly clear in passing from the topsoil 
to the subsoil. 

In most practical situations the moisture content gradually increases 
with depth, corresponding to a smooth increase in the thermal character- 
istics from a minimum value in the upper dry layer to higher values at 
larger depths. The functions A(x) and cp(x) can then be approximated by 
means of the following expressions /1/: 


hy == hog — [co — Bol 7, (10.5) 

(CP)x = (€P)oo — [(CP)ao — (CP)o] em B™. (10.6) 

The subscripts 0 and oo correspond to values of cp and i} at x =O and x=o, 
A particularly frequent and important case is that of low moisture content 


of soils, which corresponds to small variations in specific heat for 
simultaneous large variations in thermal conductivity. Under such 
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circumstances it is legitimate to take co=const, and replace (10.5) by 


Keg = Keg — [Hag — Ko] O-™. (10.7) 


The problem thus reduces to solving the following system of equations: 


« ort ot** 
ae =i aa! XH, (10.8) 

0 : ot* * 
elit mn Sl=S,  O<xeK<h, (10.9) 

0 . ot ot 
Sy Heo — (Hay — Kye] Se x< 0. (10.10) 


If the density is the main factor determining the thermal state, as, for 
example, during the spring plowing period, the problem reduces to a 
system of heat equations comprising equations (10.8) and (10.9) for the air 
and (10.10) for the soil. Such a formulation is justified by the following 
physical considerations. 

In plowing, loosening and other forms of soil tillage a sharp difference 
exists between the densities in the plow layer and in the subsoil layers, the 
thermal characteristics of which may be taken as constant. Due to the 
rise in density from the surface to the level hy, of the subsoil layer, it 
is quite appropriate to assume that « varies linearly within 0—A,,,. In this 
case the specific heat may then be assumed to be independent of x. 

As regards the air, a ''saturation'' model is even more acceptable than 
the dependence just formulated for x*, 

In view of the above, the problem accounting for the dominant role of 
the density is identical in form with that which takes into account mainly 
the influence of water content on the thermal properties of the soil. 

The solution of (10.8)— (10.10) is sought as a periodic series, in view 
of the diurnal thermal processes observed in nature: 


ge = S [47, COS not + t57 sin nor], (10.11) 
— > [tin COS N@T + oS. Sin nor], (10.12) 
f= Shin cos not + fo, sin not}. (10.13) 


In addition, the problem will be formulated and solved not for the temper- 
atures t themselves, but for temperature deviations @ from the equilibrium 
or diurnal-mean values @. These deviations, representing temperature 
oscillations, are as interesting as the tempratures t themselves. 

Since t=0+6, the system of equations (10.8)— (10.10) and solutions 
(10.11)— (10.13) will be absolutely convergent for ¢ and 6. Hence, both 
sides of equations (10.11)— (10.13) may be differentiated with respect to 1 
and the sine and cosine terms equated. This yields /1/ 


4d a9, : 
Ko gy |(e + mx) = | = 108, (10.14) 
d dO, 
Ke [(et mx v2 | — — no®,,. (10,15) 
(e + mh) x3 Pi8 — nw 0", (10.16) 
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a8 (10.17) 


(e+ mh) Kj" = — nod. 
d Kreg, oe \ Oe | 18 
ieee 3 a [= 209m coy 
d K,4,—Ky\ G9, (10.19) 
Ko Gz |(l — 2 2) 22 | = — 208 ha. 


With the introduction of the complex function 6,=6in+ Oe; the above 
equations assume the form 


d°o" 1 a8, nod i =, (10.20) 
dy? y dy — Kim’y 
K, = (€ + mh) _ + inwd™ =0, (10.21) 
d Ko \ jmx} 29a) inv8n __ 10.22 
EA — (Bove) 2] Sem, om 


where y denotes the sum e+mx. Before searching for their solution we 
shall simplify the last equation. 


Koo 


Suppose Z=1—-—=—e™", so that 


oO 


AZ 
or rae | (1 — 2); 
pO ae 
Koo — Ko 


In terms of this notation, equation (10.22) for the soil becomes 


hence it follows that when x«=0,Z=— , and when x—-0oo, Z+—oo. 


aOn fy d0, inw8, ie 
Z(Z— 1p — (1 ~ 2) + =O. 
The solution of equation (10.21) is 
tet my deh AO 

a” — Ae }2 Ky (e+ mh) sper Ky (€ + mA) (10.23) 

where A and B are complex numbers. 

The solution of equation (10.20) is 
On = (Cin + 1Con) Lo (Z VE) + (Con + iC gn) No(Z V2), (10.24) 


where 


> no (e + mx) 
Z=2 / cea Le 
Kym 


Applying the boundary condition 67 —0 aS x-+oo to the solution of equation 
(10.21), we have 


(10.25) 
where A=Ajn+iAon. 
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For x=h, equation (10.20) yields 


0, = (Cin a ECan) If (Z, Vi) + (Cs, + iC an) No (Z, Vi). (1 0.26 


When the condition of equal temperatures and fluxes at height 4 is used, the 
following relation is obtained: 


1-{ no 
= : : = : ; V7 Ps - 
(Cin + iCoq) Ly (Z, y i) + (Ca, + iC,,) No (Z, VY i )==(A,,+ tAo,) € : 0 (@ + mh) 
1-i no 


<i, (a, 
Vi [Cin+ Cra) 15 (Zp VE) + (Con + 1Con) No(Zy VI = AE (Ati Age P sernn 


If the quotient of these two relationships is formed, we may derive 


(Cin + lon) 15(Zn VE) t+ (Cant 1Can) No(Zn V2) Pe al ee = 
(Cin + iCan) Ig (Z,V i) (Con + Cin) No (Z,Vi) ai 2 


whence 


Cin Coot NA(ZyVT)—INg(Z, VE) _ 


Cort Cant 162, VE)—H(Z,VE) 


Now consider equation (10.22), Using Dorodnitsyn's /2/ analytic 
continuation of the function F(a, a, 2«+1, 1/Z) inthe region Z<1, we obtain /1/ 


8, = (Bin + 1Brn) Frege (— ze} [—In(— Z)®,(Z)— 0, (2) — 
— 2 [ge ty +2y] % (Z) = (Bin t+ iBone) ¥ (2) (10.27) 


where 
, (a)= F(a, —a,1, Z); (2) = 20,2" 


! 
~ 
% 
= 
on 
| 
| 


2a 
a= 


These quantities 6, u and «determine the terms C,, which are not given 
here. Substituting in our solutions the boundary conditions on the surface 
x=0, we obtain 


8, (Zo) = (Bin + 1Bon) Wu (Zo) = (Cin + ton) [Lo (Zo VE) + No (Zo VE) Gq | = On (Za), (10.28) 


where M, is equal to 


261 


The balance condition reduces to the expression 


a 4% Vi (Cip + iC on) i (Zo Vi) +- - Ny (Zo Ve) 7 + M(B, + iBon) [p, (20) = R,. 


Ke 
If B=BintiBor, then 


(Ci_+- Con) ly (Z, Vi)+N,(Z, Vi) 
pare 


Vn (Z) _ (Cint+iCo,) Bs 


where 
ees Io(ZoVi)+N(ZVi) 1. 
Pa (Zo) My 
consequently 
Ry =—(Cin + iCop) fa C (Z.Vi)+ + no(Z, 1) CAT 
. 0 
MK 5 . R, 
iy (Cia t (on) o> Lo=— Ce iG., 


. R 
Bin + 1Baq = Ry Cont !Can = Fpeg 


The integration constants are derived by separating real and imaginary 
parts of the equations. The net radiation, observed on a net radiometer, 
yields the value of Rn». The variation of R, in the course of 24 hours is 
expressed by the periodic function 


R,= Dd (Rin COS Not + Ry, Sin nwt). 


II. A formulation of the problem, which assumes that A and cpdepend 
on x, enables any moisture content in the soil to be taken into account, but 
the solution of such a problem is associated with formidable mathematical 
difficulties. Many simplifications must therefore be introduced, including 
the replacement of a multi-layer by a single-layer version, i.e., finding 
the temperature field in the soil using equation (10.2) and the value of the 
balance at the surface. Other simplifications are to assign a numercial 
value to p/y in equations (10.5) and (10.6), for example the value 0.5, and 
to assume the existence of a single harmonic in the diurnal curve of the 
temperature and net radiation. 

Under these conditions, the solution of equation (10.2) or, written in 
expanded form, 


ot, On ot ot 10.29 
\ st ay Geo) or” ( ) 


is sought as the product of two functions, one of which, [(x), depends only on 
x, and the second, g(t), only on t: 


t =f (x) (t) + const. (10.30) 
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Substituting (10.30) in equation (10.29) we obtain 


P(t) se OF 
f(x), ah TC 
AS + ae ae To =, 


where C, and a are integration constants. 
We introduce the notation 


A A 
= eP* — A, == fee) 
hoo ho te a)” 
fod 
ct ae D G1 (C0) — (¢Po) ( Keo i ag 
P? Kx p? Xoo co “0 ~ 


which reduces the differential equation to the form /3/ 
(A—1NATE +044 (Dp ea") f=0. (10.31) 


For p/p=1/2, the solution of equation (10.31) can be represented as the series 


foaA"+aA""+aA'"4 .... (10,32) 
whose coefficients for az=a,=a.= ... =a,,~=0 are given by 
1 P(P—1) 
Pei —T Opay oe 
1 (P—1)(P—2 
Oey = — 5 a ta 


@ B&B @ e@ @© 80 &© & @ 28 @ @w 


Hence 


/ @ A / Noom g . / Moog 
= —— + — — 
t= Woe “hoo se i ‘o sin Jor — V 57x + 
Ko 
+B, “2—"* —B Ao hs _ lt. (10.33) 


where @M=arctgbo/a,, and W,is the amplitude of the heat flux; A, and B, Ax and 
B, are the values of A and B at the surface and the level x. The values of 
A and B can be determined from the relations 


a=) ie +(F)_,— 405] V Aaa is | (10.34) 
b= oe +1(5F) —8 $I fos (10.35) 


0 
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S 2. EVALUATION OF SOIL TEMPERATURE FROM 
DATA ON THE HEAT FLUX AT THE SOIL SURFACE 


Consider the equation 
dt (x, ,) at (x, T) 
ee (x t) =2 [aw ae (10.36) 
with an initial condition 


¢(x, 0) = ¢) = const, (10.37) 


and the following two boundary conditions: at the surface 


—A(xy SD eo (10.38) 
and at infinity 
f (00, tT) = tp. (10.39) 
Let 
t(x, t) == t+ 9(x, 1), (10.40) 


where 6(x, t) is the deviation of the soil temperature from its initial value 
te. Then (10.36)— (10.39) take the form 


poy ME D— 2 fry ME], 10.41) 
Q(x, 0) = 0, (10.42) 

rn gb) (10.43) 

8 (co, t) =0 (10.44) 


The problem must be solved for all possible functions cp and 4 varying 

with depth. Consider two cases of an exponential and linear dependence 

on depth, assuming that 4 and cp vary at the same rate along x in both cases: 
6 (in the former case) and m (inthe latter case). For the exponential 
function 


pe (x =| —- it i (10.45) 
(2) =| — pe . (10.46) 
and for the linear function 
vex) =| ied — m(1 — x/h)], pry h, (10.47) 
(y= [ol —m(1—<x/A)], vgs (10.48) 
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where m, B, cp and A are determined empirically. The character of the 
variation of cp and A, illustrating the increase in magnitude of these 
quantities to a definite depth A in the soil and their further constancy, 
follows from the variation in the water content and density over the soil 
profile. 

Without entering into the details of the solution, we give the final 
expression for the soil temperature for both versions, (10.45) and (10.47), 
of the problem: 


O(n,t*) = eb C—w?) | 8, (1, t*) ee 8, (n, <)| (10.49) 


f * ee ee ee | * me a a = 
O(n) eae (004 0 —F [at apa] lee}. (10.50) 


x » KT 
where yn=<+ and t=-—,> 


i zr are the dimensionless depth and time; 


0 (nytt) = EEE Ago (y) (0.1739 fh (#— 41) L(t — x] -+0.3261 [pe — ts) +4(— TD] }. 


(10.51) 
where 1; are fixed times within the interval (0—t), and defined by 
x 
Tae (j=1, 2, 3, 4), (10.52) 
the numbers y; being determined from the relation 
I l 
7, M324) = 24; 7 Asn). (10.53) 


Four ordinates of this Gauss distribution have the following values: Z,, = 
= 0.694; Z.,.=0.3300; Zs3=0.6700; Z,,=0.9306. 

The following formula for (yn, t*) can be obtained in exactly the same 
manner: 


8, (nt) = Fy Ao (y) (0.1739 | (6 — 1) + 01 (4 — Hy) + 


+ th, (t; — 1%) + 0.3261 ftp (v — %) +) (4 -—7;)] }, (10.54) 
where 
ag (j=1, 2, 3, 4), (10.55) 


7; being determined from the relatior 
1 _ | a 
=y A, (yj)=Z,,= Az (Y). (10.56) 
4} Y? 


Equations (10.51) and (10.54) simplify for the temperature calculation at 
the soil surface, since x=y=0. 
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Using (10.53), (10.56) and expressions for A»,, A, and Asy,, which may be 
expressed in terms of the Kramp function, we obtain 


Bo (%) t) 1 po == Qo0t ae (0.1739 [wp (« — v9) + 
ee es eee eee te Ree (10.57) 
81 (> t) yao = 90 (t) & Fy (0.1739 [w (@ — A) + H(r — TB] + 
zs ba [be — W) + (4 — I}; (10.58) 
here 
a aa? (10.59a) 
aa (10.59b) 


Thus, the temperatures can be calculated, since the integrals of 9(x, +) and 
6,(x, t)can be evaluated with the aid of (10.51), (10.54), (10.58), (10.59a) and 


the tabulated values of Ay, (y), Aa(y), = Ay, (y) and =z As(¥). 


Consider the following example. For podzolic soil (Tbilisi) with VW =10% 
the variation of the thermal characteristics with depth is determined 
empirically to have the form 


oc (x) = 0.405¢e-05 1—+/100), 

W(x) = 0.001 48e-%5 (1 - 4/100) 
ec (x) = 0.405, 

d(x) = 0.00148 


x<100cm; 


xX > 100 cm. 
When A=100cm, £8=0.5 and t=27.2°C, we have 
t (x, T) = 27,2 + e- 0 4/109) 19, (x, t) —0.25 (x, 1]. 
The experimental diurnal variations of the temperature and heat flux are 
given in Tables 10.1 and 10.2; O700hr is taken as the initial time 1=0, 


with a corresponding surface temperature of 27.17°C., 
For constant thermal characteristics the above formula has the form 


t (x, tT) = ty +09 («, 1) = 27.24-0)(x, 1), 


In another example, for krasnozem soil with a linear variation of the 
thermal characteristics, the following empirical relations can be used: 


pe(x) = 0.4941 ~0.330(1 +5 \], x < 100m; 


i. (x) =0.00104|1 —0 330[1 — I, x>100cm; 
C,0, = 0.494, A=0.00104; m=0.330; A=100 cm. 
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Hourly tem peratures 


TABLE 10,1, 


| 
| 
| 49,49 
| 2209 
far 
! 22.21 
[196 


CO D —_ co 
2 Q 1s <3 - | 3 
= ~ rom) oD ry To) os iT 
w N —_ —N 
[@>) —N ao) ™m 
= se pe . - o a = 
= co CN Te) ee Ye) =H N + tw oO 
uD N —_ N | NN N 
oD ice) — ca) ~N Ww 
oy eye i is S|} oe to Q | & 
= uw = << bs + Ww — ap) ia iss 
co —_ (>) Le c 
=< lo @) _ N oD co >) : OY) (op) CO 
+ ON b aad N fae) a | 
© oD cD co ~N uw) 
2 2 | © | 2 S| a] . S| & 
os oD = th a —N rm) GN — am a 
+ ont — oD N —) | 
uw ie @) te) co rm) = 
ee me cs) ae ro a _ o 
= N [oa] — ae =— = t OQ oO te 
i) oD CO co ~N us 
0) = > —_ von GN | 
ies on) ™ oO or 
= < = a oe . ue i oe 
Com) ~ © oe a tf> fo @) fo @) —_ us) 
N = —_ — GN | 
— ed ed 
= 7 o @ 7 o ~ ‘ — | 
r ww zs rd e ao » 
fe - — be = ~ ~ fe = — 
~~ a) ~~ 


Values of the heat flux p(t) 


TABLE 10.2, 


C3 ive) 
fo) 
up 3S r ~ CS 
= wz 
a ~ Se) to) = 
vot ra so N = a 
| 
= N 
= N N ‘> = ~~ zr 
ve) fom) oS =v c NN 
} 
O ‘9 A 
N <4 Saupe zr _ wo on) o 
to! N WN = : N 
re) fm) —] Oo 
| 
ps wT ot 
p x o N = = N = 
| | 
N wo 
. ES “ re e & - 
! | 
g 5 3 
co. nN co _ _ oD OQ any 
N fon) —- = oO N he 
oO 
| 
o 2 3 
To) eat = 
ax) 
~ ee = > S a = 3 
ro) ro) o = oS 
= | 
& g 5 
fas) > Lom] 10) ise e 
v ha 'S) su = 5 . ce 4 Ole 
= a gy & is B| 3 
~ 2 O 
Lad yp » 
— — — 
> > a 
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The calculation proceeds as before. The working formula for the 
temperature at any soil depth is 


AO) ny ye ee [8 (x, 1) — aa + Toro 2385) | 6, (x, "| 


x 0.330. 
1 — 0,330 (1 ba iw) (0.670 += 


The described technique was used to calculate the diurnal temperature 
variation at the two depths 0 and 10cm, and for podzolic (exponential 
variation of the thermal characteristics with depth) and krasnozem (linear 
variation of the thermal characteristics with depth) soils. In both cases 
the temperature (¢(x, t) was calculated and compared with the corresponding 
results for the case of constant thermal characteristics; the resulting 
difference A in the results, due to the variation with depth, was found and 
is given in Table 10.3. 


TABLE 10.3. Calculated soil temperatures: f, for constant and t,, for variable thermal characteristics (41, ¢) 


h Time 7/0 9,2 11/4 13/6 15/8 ito | wiz | 2114 | 23/16 | is 3/20 5/22 7/24 
i 27,2 | 464 
Ocm L, 27.2 | 39.0 
A 0.0 7.4 
ro) 
N 
as; 
&£ 
a 27.2 | 28.7! 336 | 39.7 444 45.5 42.4 37,8 34.8 29,2 28. 27.9 20.3 
10 cm t. 97.2} 282; 31,2 | 351 38.6 38,8 37.0 34 | 32.3 28.7 28 0 27,8 23.0 
A 0 0.5 2.4 4.6 5,8 6.7 5.4 3.7 2.5 0.5 0.1 0.1 | —2.7 
be 27.2 | 446] 58.G | 65.0 60.9 45.4 30.9 od £08 18.7 ! 16.5 18.2 27.0 
0 cm t 27.2 | 390] 44.5 | 52.9 50 3 40.8 30,0 25.6 23.1 21.6 20, 1 19.2 27.2 
= 0 5.6; 10.0] 12.1 10.6 4.6 0.9 | —1.2 | —23} —29') -30 ) —40, —02 
: | | | 
2 
-_ rs 
x to 27.2 | 27.7 | 30.1) 34.1 37 7 39.9 39 8 37.4 34.2 30.3 29,2 29.6 0] 
10cm te 27.2 | 27,5 | 29.2 | 32.0 34.5 36.0 358 34.4 32.2 29.5 28 7 28.9 249.3 
A 0 0.2 0,9 2.1 2.8 3.9 3.0 3.0 2,0 0.8 0.5 0.7 0.8 


This table indicates that a variation of the thermophysical characteristics with depth strongly affects the 
temperature of the root zone, particularly the topsoil, and at certain times produces differences of 15 and 
more degrees in comparison with calculations assuming constant parameters, 


§ 3. EVALUATION OF SOIL TEMPERATURE FROM 
THE TEMPERATURE IN THE AIR 


The problem of determining the temperature in the atmosphere and soil 
from data on the temperature variation at the soil surface is not well 
formulated, Since the surface temperature is derived from the heat-balance 
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components and established as a result of some specific distribution of these 
components, a more correct approach is to determine the temperature at 
any soil depth either from data of this balance, or using the known temper- 
ature variation in the surface air. The latter version is particularly 
attractive, since it frees us from the necessity of measuring the complex 
set of heat-balance components and reduces the problem to simply recording 
the air temperature. Both problems will now be discussed. 

I. Suppose the balance of the soil surface and the temperature variation 
in the air are given. This problem was formulated and solved, in particular 
by Malkin, Dyubyuk and Monin /8, 9/. The problem described below is 
Similar tothat of Malkin, but is solved here in a more general form /5, 10, 
11/. Mathematically, the problem reduces to solving the heat equation 


O ot ot 
a HOS |=Fr Oe 


where (f(x, t) is the soil temperature (for x20) or the air temperature (for 
x< 0), x is the vertical coordinate and tis the time, measured from some 
initial moment. The coefficient x(x) is considered positive in the soil, 
increases in the air up to some height A, and is then constant up to a height 
H, which is an arbitrary boundary of the atmosphere. In other words, 


K(X) = Ky for —h<x<0, 
K(X)=KX o(1+mx) for O<x<h, (10.61) 
K(X)==K (1+ mh) for A<x<H, 


where «x, is the molecular coefficient of thermal diffusivity, m is the rate of 
increase of the coefficient of turbulent thermal diffusivity and h is the 
thickness of the active soil layer. 

In this three-layer problem the initial and boundary conditions are: 

1) Absence of soil-temperature time variations at a depth h,: 


t(— hy, t) = ¢t)=const. (10.62) 


At the soil surface: 
2) continuity of the temperature: 


#(—0, 1) =#(+0, 1); (10.63) 


3) vanishing of the algebraic sum of all the heat fluxes (the condition of 
heat balance): 


ot oft 
C1P1K Oy Lon C Pho Oy eee (10.64) 


where w(t) is the balance of radiation heat plus the heat flux due to 
evaporation. 
4) The temperatures and fluxes are continuous at the elevation A: 


t(X, T), po =F Dhringo» (10.65) 
ot (x, T) __ Ot (x, T) 
Ox a ae Ox aet. (10,66) 
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5) There are no temperature variations at height H: 


(Xx, T) | poopy = bp (10.67) 


6) The vertical temperature distribution in the soil (for —hi<x<0 and 
0<x<h) at the initial time is given: 


E(x, 1) | pag = fo +f (2). (10.68) 


7) For x2h the temperature at the initial time falls off linearly: 


t | no = to +f (x) = ty — V(x — Ay, (10.69) 
where 
y= hn ; 
and 
f(x, t) lect on ae by 
The solution is 
t(x, th=t)+ q(x) +4(x, 1), (10.70) 


where q(x) iS an arbitrary function, chosen such that the differential 
equation for t does not have an undefined term, and the boundary conditions 
become homogeneous. In this case g(x) satisfies the equation 


az [e#()L2] =0 (10.71) 


and the following boundary conditions: 


V\,--n, = 93 Vrn—0 = Vengo: 
Veun-o= Teanso — Venn = by — 3 (10.72) 
dq dq : 
©0141 Fy |_- € pPKo Gye -_ = A); 
aq eee 
GX \yop-o 8X Neongo 
The solution can now be written as follows for each layer: 
qe +h) for —A<x<0, 
a 1+ mx 
g(x) = aha!" Pome +B for O< x <A, (10.73) 
G3 
wU+mhy 4? —*)+8; for h<ox<H 


The constants a, %, 3, Bz and fs are determined by the boundary conditions 


form 
ia fy fot Ay, 


a, = ad) == a, — : Ses) Aon ° 
GG FBO AG Ca oy 


1 = — F3Q) + by, — to; B3 = ty, — to, 
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where Ay= cipky, A2=CppKe, 


] 
N= B= ai [IN + mi) + (HH) 72], 


Hh 
93—= Fy (1+ mh) ’ 


and Ay is the constant term in the Fourier expansion of p(t). 
An additional restriction for our problem is that, according to experi- 
mental data, the balance y(t) is a quantity in the form of a periodic series 


of period t= 24hr, i.e., pee. In other words, 
ip (t) = Ay + A, cos ot + B, sinot + A, cos 2Qot + By sin Qor. (10.74) 


The equation for the function t is now the same as that for ¢, but with 
homogeneous boundary conditions. The equation and the conditions are 


ot(x,t) Ot (x, D7. 
ae = [eo Oe) 
eer — Q, is att og t -oh-0= tien t | = 0, 1 
a ae (10.76) 
OX \yen-o 9% Ironso’ 
ot at oe 
C10\K, Oe = — €,0Ko = hee (10.77) 
t(x, t)lg = P(X) — 4 (4%); 
sp (t) is the variable part of the Fourier series, where 
i) (t) = Ay + H(t). 
The solution is again given in final form for the soil temperature: 
t(x, t)==to+ q(x) +2" (x, 1) + Be, (t) Ky (vj) F(x, vy) (10.78) 


where the following notation has been used: 


t* (x, 7) = 2 tp (X, 7), 
ti (X, tT) = ApRMy (x, 1) + Bul Ma (x, 1), 
My, (x, 1) = e!##T py (x), 
K, (y;) — K (v;) -— @ (v,), 
G* (v,) = LARPs (v)) + Bel mE (v,)s 


F (x, vj) eee 


D j= = 
k| ) ixo + vis” 


The series for the function ¢(x) converges slowly (it can be summed in finite 


2 
form), since it does not contain the exponential function ¢,(t)=e /*. The 
fundamental functions F(x, v;)can also be found relatively easily. 
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The expression for g(x) is 


oe a F(x. vy) (Fy, vp] i 20 
net) = MP Ww) Fus v= a. 
joi = 


lil, The problem of determining the soil temperature from a given air 
temperature is solved as follows. First a relation is sought between the 
air and soil temperatures on the assumption that the heat balance at the 
soil-air interface is known. Next, the heat balance (which is very difficult 
to deduce from experimental data and can hardly be forecast) is replaced 
by the predicted air temperature at the height of the meteorological shelter. 
The solution disregards advective heat flow, though it is taken partially into 
account because the air temperature used includes advection effects. 

The solution of the problem reduces to solving the differential equation 


ot 6) ot 
Tae [KMS] (10.79) 
where x(x) is defined as follows: 
in the soil 
K(x)=a? for —w<x<0; (10.80) 


in the air from the soil surface to a height H 

K(x)=p+Cx for O0<*<H; (10.81) 
in the air above this height 

K(x)=utCH=6 for «PH. (10.82) 


The temperature deviation 6(x, t) from the equilibrium state f(x) will be 
sought in the form 


¢(x, t) =f (x)+ O(x, 1), (10.83) 


where /(x) must satisfy 


d ‘f 
=~ |#() 1!) |=0. (10.84) 


The quantity 0 obeys the same equation as ?: 


| roy, 
Sp 


~ = sr [e( AE], (10.85) 


Q 


the initial condition for (x, t) obviously being that it vanishes. The 
boundary conditions for 6(x, t) are: 


boundedness at infinity: 


B#oo for «> +00; (10.86) 
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temperature continuity at the soil surface: 


eA +0? (10.87) 
temperature continuity at height H: 
Oe ghee (10.88) 
At this latter height the derivatives are also continuous: 
at at 
ll? tals 10.89 
OX lyin = 9% Ie aso \ 
The balance conditions on the soil surface are 
Ohi ov 
I ral oe 7 5 (10,90) 


where p(t) is the deviation of the radiation heat flux (the heat lost to 
evaporation) from its value at the initial time. The function p(t) is 
subsequently eliminated when the air temperature at some height is 
introduced. In condition (10.90), cip and cpp are the volumetric specific 
heats of the soil and air. 

The following notation is introduced for the Laplace transforms of the 
temperature and balance deviations: 


(P. x)= | e- PO (x, )d(0) ae 
J 
p= { e-Pp(1) d(x), (10.92) 
0 
where the former quantity obeys the equation 
d ax (Pp, x) 
ag BX) A = PUP *) (10.93) 
subject to the following boundary conditions: 
4(p, x)#0O for x +t 00, (10.94) 
MN pacn = % lewwes (10.95) 
xX leno = X lem H40? (10.96) 
oe — &h 
GX \poy-o 9X leenyo’ (10,97) 
2 AK eas ay, — yp) 
OPO" dx law SHE dg (pagent OP) (10.98) 


The solutions for each layer (using the condition of boundedness at infinity) 
are 


82 
1(p. X)=A,(p)e* for —w<x<0; (10.99) 
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a (Ps *) = As (p) lo[z VP @+ CH) |-+8,(p)Ko[aVP@ TCH) | for 0<x<H; 
(10.100) 


V p 
%3(P» X)==B3(p)e ° 


for H<x<oo. (10,101) 
The quantities /) and Ky are Bessel functions of an imaginary argument. The 
arbitrary constants A,, A,, B, and B; are determined from (10.95) and (10.98) 

to have the forms 


A, (p) = Wim —_—*—_[W, (p) 1 (BY p)+ W2(p)Ko(BV PI ¥(p), (10.102) 
ae bo ‘D 10.103 
A; (p) BV p Ap) W(p)v(p), ( ) 
— bo rf 
B,(p) = VP 8D) W2(P)¥ (Pp); (10.104) 
B;(p) = =atay »(p), (10.105) 
where 
Wi (p)=K, (mV p)— Ky (mV p), (10.106) 
Wo (p)=1,(m Vp)— 1) (m Vp), (10.107) 
A(p)= W2(p) [Ki 8V 2) + Ko 6VP)—Wi le) [BV p)— (BY p)}], (10.108) 
and 
P=cVE, m=ZVut+CH =o, 
—_ C;9,a 2 


; 6 = ——.. 
cpo Vie OT Pie &p0 
When the function @(x, t) and its transform 


X(p, x)= { e-P) (x, t)dt 


0 


satisfy certain conditions (we assume these conditions are satisfied in our 
problem), we have the relation 


o+ic 


O(x, t= — i ety (x, p) dp. (10.109) 


G-—ico 


This contour integral in principle solves the problem of finding the temper- 
ature deviation @(%, t) and, consequently, also the temperature /(x, 1) itself 
(from (10.83)), since x(p, x) is expressed by (10.99) and (10.101). 
Expression (10.109) requires a knowledge of the value of (t), i.e., the 
balance of radiation heat (the heat lost to moisture evaporation) at the soil 
surface. It is generally difficult to determine this quantity by observation 
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and it hardly lends itself to forecasting. This state of affairs reduces the 
value of the obtained results. 

We Shall show below how to eliminate p(t) and replace it by p(t), which 
represents the time variation of the air temperature at some definite height 
(for example, at the height of the instrument shelter). The latter quantity 
is fairly well known, and is forecast 10—15 and more days ahead. Thus, 
suppose the temperature variation with time is known at some height x=h 
in the air, i.e., 


(x, t) |, =9(1), (10.110) 


where g(t) is the temperature deviation from its initial value. Alternatively, 
we have 


X(P> X) |» = Xa (P) 


where 


(oe) 


%n(P) = [ e-P*9 (x) dr. (10.111) 


0 


The height A is taken to be of the order of 1.5—2m (the height of the 
instrument shelter); then A<H. With the aid of (10.100) and (10.103), 
condition (10.111) then yields 


BVe aw lm (p)Io(r V p) + Wi (p)Kolr V>)I = X%,(P) (10.112) 


where 


Consequently, 


= B (p) A (p) Xn (P) 
es wee PAP) ACP) KAMP) 10.11 
v() bo 1H, (p)lo(rV pp )+ Wo lp) Kole Vp) (10.113) 


Thus, the transform of the balance, and hence the balance itself, are 
expressed in terms of the transform of the known temperature 9(t). 
Substituting p(p) in (10.102) and (10.104), the relation between the air and 
soil temperatures can, in principle, be determined. 

It is very important practically to be able to calculate the soil temperature 
from a known temperature of the instrument shelter, which must be 
measured to a sufficient degree of accuracy. Using (10.113) and (10.102), 
expression (10.99) can be written as 


Wi (p) fo (BV 2)-+ Wa (0) KolBVP) y- 2 iet (10.114) 


KP = ey T(r Vp) + Walp) Kor VP) 
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In terms of inverse transforms, we have 


(x, = [o(r—e)dle(x, t), —wo<x<0, (10.115) 
8) 
where 
a-ico Voi 
ae put — Wi (p) Fo(BV p)+Wo(p)Ko(BVP) y 
eM = ee : WV (p) Io(r Vp) + We (p) Ko (r Vp) ap, (10.116) 


The contour integral (10.116) cannot be calculated in closed form, bu* can 
be approximated as follows for sufficiently large values of the time 1* 
(varying from +*=0 to a given t*), of the order of several hours and more: 


e(x, *) = (1 +e)g(% 1) —gW (x, 7), (10.117) 
where 
,v)=1— Te | 
g(x, t)=1 ae (10.118) 
|x 
Wix, r=—1—o0}/_4L | ares |{ —o| tat yet 10.119 
oe) eh : ave @ \ 
The notation 
eee 
o=—min—, = P 
In 


is introduced, where Mis the Kramp function. 

The following formula can thus be obtained, with which to calculate the 
soil temperature from a given temperature reading in the instrument 
shelter: 


t(x, ) = F(x) +(1 +8) [ oe —a)d [g(x w)]—g [ o(e—e) d[W (x, v)]. (10.120) 


This allows one to calculate comparatively quickly the required soil 
temperature; tables and nomograms have been prepared for such 
calculations. 
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Part Two 


SOIL ELECTROPHYSICS 


Chapter XI 


ELECTRICAL CONDUCTIVITY OF SOILS 


§ 1. THE CONCEPT OF ELECTRICAL 
CONDUCTIVITY OF SOILS 


The electrical conductance Q (in ohm™') of a volume of soil is its 
reciprocal overall electrical resistance R. Specific electrical conductance 
o of soilis the term applied to the reciprocal specific resistance [resistivity | 
o, which is the electrical resistance of a soil volume of unit length / and 


unit cross-sectional area S. Hence, R=o~ and o=-; thus 


pt, (11.1) 


The quantity o is measured in sec-! in the cgse system and ohm™!-cm~!? in 


the mks rationalized system, but common measurement units are: a) the 
physical unit, in ohm !-cm™, andb)the mechanicalunit, in ohm™!-m-mm_-?. 

The specific electrical conductance (which will henceforth simply be 
called electrical conductivity) is numerically equal to the reciprocal 
resistance of 1cm® soil, or of a soil volume 1m long and 1mm? in cross 
section. Clearly, a mechanical unit equals 10* physical units of o. 

The electrical conductivity of a soil is a complicated and highly variable 
characteristic. Its value depends on many factors, including moisture 
content, density, temperature, chemical-mineralogical composition, 
mechanical composition, soil structure, and particularly the nature and 
properties of the soil solution. As aresult, the electrical conductivity or 
resistivity of a soil varies very widely, more than any other soil character- 
istic. Whereas for different types of soil its density may vary by a factor 
of 2— 3, the thermal conductivity by a factor of 5—10 and the propagation 
velocity of sound waves by a factor of 10—12, the electrical conductivity 
can vary for different soils and even for the same soil (depending on its 
state) by factors greater than 10°. 

soil is a very complicated three-phase type of physicochemical system, 
with the very different electrical conducting properties of metals, dielectrics 
and electrolytes. Of course, the soil conglomerate contains only small 
amounts of ideal electric conductors, but various iron, manganese and 
chromium compounds, metal oxides, rare metals, molybdenites, monelites 
and other good conductors, like metal sulfides or graphites, are always 
included in the mineralogical part of the soil and in some way participate 
in the total electric conduction of the soil. Minerals which mainly comprise 
such elements have a low resistivity, from 107’ to 10°4 ohm. cm. 
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On the other hand, unusually high dielectric properties are possessed 
by the principal elements of the mineral components of soils, such as 
quartz (10“%—10 ohm-cm), feldspar (10!2—10'* ohm-cm), mica (104%— 

1017 ohm- cm) and calcite (10?°—10!4ohm-cm). In addition to minerals soil 
also contains organic components, but hardly any experimental data are 
available regarding the electrical conductivity of the latter. The soil 
atmosphere, particularly in the case of high porosity, may make an 
appreciable contribution to the overall electrical conductivity. However, 
soil often contains a certain amount of moisture, due to which the air inside 
the pores is usually close to saturation, thus raising the electrical 
conductivity, Since pure water has a lower op. Finally, of great importance 
for the evaluation of the effective electrical conductivity of soil is its salt 
concentration and the electrolyte composition of the soil solution. Depending 
on the type of soil, the soil solution contains the anions HCO3, SO, HPO}*, 
NO3, OH~-, Cl7 and the cations H+, N+ Ca2", Mg?", NHd, more rarely 

F~, Al®t and traces of ions of most of the other metals. In addition, 

the soil solution contains dissolved organic compounds, salts of iron and 
aluminum, organic acids, carbohydrates, dissolved gases, etc. 

The composition of the soil solution varies with temperature, precipita- 
tion, evaporation and so on. One cannot therefore speak of a single 
conductivity mechanism in soils, since these mechanisms are totally 
different for dielectrics, electrolytes and metals. 

For the latter, classical electron theory gives the following relation 
between the resistivity p and the charge e, mass m, mean free path /, 
concentration n and thermal velocity v of the electrons: 


0 = 2mvu (11.2) 


ne?l, 
In a soil solution, as in a typical electrolyte, we have 


l 
azce(u,tu_)’ 


p= (11.3) 


where a is the electrolytic dissociation coefficient, c. is the concentration 
of the solution, z is the valence of the ions, u, and u_are the mobilities 
of the positive and negative ions, i.e., the velocities of the ions in an 
electric field of unit strength, for example, 1v/cm. 

For the o of dielectrics, one may formally write the same expression 
as for electrolytes, but the mechanism of the motion of charges (electrons 
and holes) is completely different, being connected with the excitation of 
charge carriers and their jumps due to external conditions (irradiation and 
primarily temperature) from the filled valence band to the conduction band. 
As is known, the forbidden band which the charge carriers must pass is 
wide, amounting to hundreds of &T (k being the Boltzmann constant, and 
T the absolute temperature). 

The soil solution plays a decisive role and determines the electrical 
characteristics of the soil as a whole and their temperature dependence, 
as well as the electrokinetic phenomena, such as electroosmosis, 
electrophoresis, the polarization produced by the passage of direct current 
through soil, and the dispersion effects produced by the passage of an 


279 


alternating current through soil. Someof these phenomena willbe considered 
in this and later chapters. Here we mention the important theoretical and 
practical problems in agriculture and soil science requiring a knowledge 

of the electrical conductivity of soil. 

First, a knowledge of the dependence of the electrical conductivity of 
soils on their moisture content would serve to determine soil moisture 
content, and possibly to directly regulate the electrical conductivity and 
electric transport, causing a beneficial change in a number of important 
soil features, such as deSalinization, or freeing soils from unwanted 
elements. By varying the electrical conductivity one can control electro- 
osmosis and electrodiffusion, as well as aim at important practical soil- 
cultivation measures, like lubrication and land reclamation. 

Due to the various forms of soil moisture and the diverse interaction 
forces between soil particles and water, electrical conductivity is highly 
characteristic and sensitive, and gives an idea of the character and physical 
nature of soil moisture. 


§ 2. TECHNIQUES FOR MEASURING THE ELECTRICAL 
CONDUCTIVITY OF SOILS 


The electrical conductivity depends, more than any other physical 
characteristic of soil, on the measurement technique. If a direct current 
is used the polarization effect must be estimated, and if an alternating 
current is used, one must determine the influence of different current 
frequencies. In addition, many methodological difficulties arise, with 
regard to providing ideal and continuous contact between the electrodes in 
the soil and the soil itself. 

This degree of contact varies with drying, wetting, compacting and 
swelling of soils. Finally, electrode corrosion (disintegration, oxidation) 
presents another difficulty when measuring electrical conductivity, as 
well as keeping the soil sample at a constant temperature (or accounting 
for the temperature effect), ensuring a constant moisture content of the 
sample (or accounting for moisture losses), retaining the bulk density of 
the soil sample, and soon. These methodological problems are continually 
under review. 

The technique of measuring the electrical conductivity of soils has a 
rich history. One of the earliest pioneers was Briggs /1/, who modified 
Kohlrausch's method fin which a Wheatstone bridge is employed]. The 
special feature is a temperature-controlled chamber fitted to the instrument 
and buried inthe soil. Subsequent developments used this technique. 

Twenty-five years later, Girs /2/ returned to Kohlrausch's method. 

The novelty of Girs' apparatus is the structure of the electrodes and the 
method of estimating the electrical conductivity. One.of the electrodes is 

a steel tube of diameter 40cm, at the center of which is a needle serving 

as a second electrode. The needle passes through an ebonite plug, placed 
4cm from the bottom of the tube, which rests inthe soil. The resistance 

is measured by direct and alternating currents, so yielding only the relative 
electric conductivity, which is the ratio of the two resulting resistances. 
This instrument has not been developed. 
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In 1925 Haines /3/ proposed an instrument comprising a rectangular 
vessel filled with soil. Mercury, poured into depressions on the rim of 
the vessel, acts as liquid electrodes. The whole vessel is placed ina 
crystallizing basin with an ebonite top, through which copper conductors 
protrude. The constancy of the resistance of the liquid electrodes is 
questionable, and, in addition, it is unclear how to stop the mercury from 
penetrating into the soil. 

In order to eliminate the error due to a poor contact between the 
electrode and the soil, Corkle /4/ proposed the use of four instead of two 
electrodes inthe usual circuitin Kohlrausch's method. The latter are made 
of carbon and are spaced 60cm apart in the soil along a straight line. By 
measuring the resistance between neighboring electrodes 1—2, 2—3, and 
3—4, as well as between electrodes 1—3, 1—4 and 2—4, a series of 
equations are set up involving the true soil resistance Ry, between the 
respective electrodes, the measured resistances R; between the different 
electrode pairs and the increase r, in the resistance due to the poor contacts 
between the soil and the respective electrodes. For example, for the two 
electrodes 1—2 we may write 


R= Re +tnmth, 


where R;is the measured resistance between electrodes 1 and 2, R,is the 
soil resistance for an ideal contact between the soil and electrodes, +r, and 
r, are the increases in the resistance of each of the electrodes 1 and 2 due 
to their poor contact with the soil. The system of equations can be solved, 
r, eliminated, and R, calculated in terms of the measured quantities R;. 
Four-probe resistance measurements are most often carried out by a 
compensator bridge, which is a combination of a step compensator for 
measuring the active voltage AU, a polarization compensator and an 
induction compensator. This is the 
main geological technique for measuring 
o. The instrument contains a standard 
resistance, and so the same step 
compensator which serves to measure 
AU is also Suitable for determining the 
current intensity /. The required 0 is 


found by the formula p=Kys where 


FIGURE 11.1. Circuit for the voltammeter kK, is a constant of the instrument. 
method of measuring the electrical conduc- This technique has advantages when 
tivity of soil. investigating electrophysical properties 


of rocks (in eliminating field distortion 
near the probes and nullifying the effect of the transient resistances of the 
probes and electrodes), but is unsuitable for laboratory experiments with 
soils, since soil samples cannot be given the form of a plane layer and it 
is therefore difficult to separate the effects of surface and volume 
conductivity, and so on. 

The simplest method for measuring soil resistance is the direct 
voltammeter method. lLead or tin-foil electrodes are tightly pressed to 
the two plane-parallel faces of the soil sample (Figure 11.1). A 150—200v 
de source and a milliammeter (mA) or microammeter with several shunts 
for varying the sensitivity are connected in series to the sample. A 
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voltmeter (V) is connected in parallel withthe sample. The resistivity is 
found by the formula >=, where hand S are the thickness and area of 


the sample. This equation is only approximately valid, since the resistance 
of the ammeter and the conductors is assumed to be low. 

The instrument's circuit allows one to eliminate the effect of surface 
current leakage. For this purpose a tin-foil or lead ring, which diverts the 
current flowing over the electrode surface, is tightly clamped to one of the 
electrodes. To allow for the effect of polarization, another device enables 
one to disconnect the battery and observe only the polarization current. 

By reading the current in the milliammeter twice, with connected and 
disconnected battery, the influence of polarization phenomena on the 
measured value of p can be eliminated. 

In addition to absolute measurements, relative meaSurements of p are 
also possible by comparison with a standard sample of resistivity po 
(Figure 11.2). A standard p, and the soil sample p, are connected in series 
to a battery of voltage & The measured voltage U, obtained by means of 
annular probes which tightly envelope the sample, is applied to a capacitor 
C and then by a switch to a ballistic galvanometer G. The voltage drop Up 
across the standard is measured similarly. The ratio of the two galvano- 
meter deflections for the sample £1 and the standard Bis 
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FIGURE 11.2. Circuit for comparing the sample with a standard. 


A widespread method of measuring the electrical resistance of soils is 
the use of de bridge circuits with electron tubes in one or several of the 
arms. Such a circuit is shown in Figure 11.3. 

The soil sample represents the unknown resistance R, in the main 
bridge II, Another of its arms is a variable resistance which balances 
the system with the aid of the switch M—B (the position M). 

Bridge lis an arm of bridge II. One of the arms of bridge I is a triode 
(T) whose grid is connected to the measuring diagonal of the bridge. The 
electrical resistance of Samples is very difficult to measure, as it varies 
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widely due to possible moisture changes 
and the nonuniform character of the 
function R(W) or p(W). For dry soil 

op = 10??—10'% ohm. cm, and for wet soil 
op =10°—10*ohm-cm, the rate of 
variation of o(W) being high for low 
moisture content and small for high 
moisture contents. 

Attention has therefore been devoted 
to developing methods for determining 
the electrical resistance of dry soils, 
when the required sensitivity and 
accuracy are low. In this connection 


FIGURE 11.3. Basic bridge circuit with an we should mention circuits with ballistic 
electron tube. [B denotes balance, M meas- mirror yalvanometers, vacuum-tube 
urement. ] 


electrometers, etc. Techniques 
employing the ohmmeter and megohm- 
meter are well known and used in electrophysical investigations of soils. 
Among the latter are three circuits containing a) moving-coil ohmmeters, 
b) megohmmeters withrelaxation oscillators, c) electronic megohmmeters. 

Let us consider some of the above techniques, The ohmmeter circuit 
consists of the connection in series of a source (dry cell, storage battery, 
supply voltage with a rectifier, a built-in oscillator, and so on) witha 
voltage U, the resistance R, being measured, and an indicating instrument 
(a moving-coil microammeter). If R is the total resistance of the circuit, 
microammeter and internal resistance of the Source, /) the current with 
the resistance R, short-circuited, and / the current with this resistance 
not short-circuited, then 


FIGURE 11.4. Basic circuit of a moving-coil ohmmeter. 
[L denotes load, \!] measurement, S switch. ] 


In view of the wide range of the required R,, a multirange ohmmeter 
(Figure 11.4) is used and adjusted by varying the resistance R,. The 
sensitivity of the latter is changed using a universal multistage shunt by 
connecting (with the aid of the switch K) various parts of the shunt between 
positions O and H through all the intermediate positions X, A, B, C, D, E, F, G, 
and H. The whole range of variation of the electrical resistance is divided 
into a number of subranges, corresponding to definite values of the moisture 
content of soils. The two-way switch M-L-S is usedto pass from no-load 
to operating conditions. 
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Relaxation oscillators are used in ohmmeters with glow-discharge 
lamps. The supply voltage is applied to the plates of the capacitor C 
(Figure 11.5). When the ignition U,is attained, the neon lamp L flashes. 


This reduces its resistance and the 
yy 
Yb 


capacitor discharges through the 

lamp to the extinction potential U_. 
The lamp then stops conducting, its 
resistance rises sharply and the 
process repeats itself regularly each 
period T of the relaxation oscillations. 
FIGURE 11.5. Circuit of the ohmmeter with glow- The length of this period can be found 
discharge lamp. in terms of the time t,,, of the 


relaxation oscillations, which appears 
in the exponential function for the capacitor voltage U(t): 


: t i l 
U () = BER 11 =e © “ose ] > =P 


where Rk, is the standard resistance and R is the leakage resistance, Hence 


Eo (1 +H} U_ 
P=t..— t.=7,../n SS pe 

to — (I+ \U. 

where ti and t_are the times at which the lamp starts and stops conducting. 
Replacing the resistance R, by the sample under investigation, and connecting 
in the circuit a standard capacitor of large capacitance and small leakage 
(R,—0oo), we find 


T = CR, In2=7= =CRp, 


from where p=. The length / and cross section S of the sample are 


given, and C is also known; only T should be measured. 


FIGURE 11.6, Circuit with a relaxation oscillator, 


The basic circuit of the instrument with a relaxation oscillator, which 
is widespread in the USSR, is shown in Figure 11.6. By means of a 
Synchronous motor (8) the resistance to be measured (4) is periodically 
connected in series with a neon lamp through the contacts (5, 6) (closing) 
and (6, 7) (opening) of the circuit. The supply is from the ac line through 
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a selenium rectifier (1) with a filter (the resistor (2) and the capacitor (3)). 
The instrument has five measurement ranges (constant capacitors (9)) which 
are connected by the multiway range switch. This circuit can measure 
resistances between 3-10° and 3-10” ohm. 

All circuits based on this principle are simple, reliable and stable in 
operation, do not require an electrical meter, and are only slightly affected 
by variations in the current source. However, their accuracy is low due 
to the instability of the excitation and extinction voltages (which depend on 
the frequency, temperature and discharge current), and the effect of the 
time variation of the capacitance and leakage of the capacitors, etc. 

Far greater accuracy can be achieved uSing electronic or vacuum-tube 
ohmmeters. In such circuits one usually determines the voltage drop 
across a resistance in which known current flows; this implies that the 
basic part of the instrument is some type of constant voltage vacuum-tube 
voltmeter. The circuit in such cases consists of the series-connected 
resistances R, (to be found) and R (the standard), and a de source of voltage 
U. The voltage drop U, across the resistance R, is given by 


U,=— 


The value U, is measured by a vacuum-tube voltmeter, consisting of a two- 
stage dc amplifier using battery-fed pentodes T, and T, (see, for example, 
Figure 11.7), The resistance R, is connected in series with the battery B; 
and one of the standard resistances ®, R, or R3, each of which corresponds 
to a narrow Section of the overall range of the measured resistance. 
Batteries B, and B,; supply the filament voltage, and B, supplies the circuit 
of the anodes and screen grids. 


FIGURE 11,7. Circuit of the electronic megohmmeter. 


Both stages operate according to the following circuit. In position 1 of 
the multiway switch (R,-— co), the pointer of the milliammeter mA, which is 
connected in the cathode circuit of the stage, is set to zero with the aid of 
the potentiometer P,, and in position 2 the switch short-circuits R, (R,-—0), 
and the milliammeter pointer gives a full deflection (for which purpose the 
potentiometer P, is used to change the voltage of the screen grid of the 
tube T,). The circuit B,—R,;—P; serves to compensate the current of the 
output stage. The amplifier is built so that the tubes of stage II are 
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connected to the cathode resistance Rk, of stage I. More often used is the 
bridge circuit of the multirange ohmmeter with dc balanced tube amplifiers 
/5/. 

At the input of the vacuum-tube voltmeter there is a set of graduated 
resistances, The resistance R, to be measured is connected to one of 
several resistances, forming a voltage divider which is connected to the 
dc source. The calculation is made by the equation 


where Umax is the maximum voltage reading on the voltmeter, Uji, is the 
voltage at the voltmeter input, and R, is a constant resistance connected 
in series with R,. 
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FIGURE 11.8. Circuit of the multirange megohmmeter with a dc balanced tube amplifier. 


An example of the circuit of a tube megohmmeter is shown in Figure11.8. 
Supply is through a transformer/7r, a vacuum-tube rectifier T, with filter, 
voltage-regulator tubes 7, and 7; and a current-regulator tube T,. The dc 
amplifier uses a bridge circuit with a double triode 7: having a cathode load. 
The microammeter (uA) is connected between the twin cathodes of the tube 
T,. The instrument is set to zero by adjusting the voltage applied to the 
grid of the triode from the divider Ris—Ris—Riv— Rig. The filter Ry—R3—C, 
protects the amplifier from disturbances. The input divider consists of 
the unknown R, and some standard resistances comprising the set R,, R2, 

R;, R,, Rs, Re and which are connected in accordance with the resistance 
range being used. The voltage of the divider is regulated by tube 73. 

The advantages of the above and other similar circuits, using dc balanced 
tube amplifiers, are as follows: the small influence of the supply voltage 
on the magnitude of the output signal, the large input and small output 
resistances, the small zero drift, etc. 

By selecting a sufficiently good current indicator and stable precision 
resistors (for example, hermetically sealed, thin manganin wires on 
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ceramic frames or in glass insulation, which have been previously subjected 
to artificial aging) one may achieve a resistance-measurement accuracy of 
up to +0.05 % over the range 20—1000 kohm and + 0.1 % over the range 

10 kohm—5 Mohm. 

Ohmmeters using Semiconductor triodes are very useful for obtaining 
field measurements of the electrical conductivity of soils, particularly in 
the absence of external power 
sources, and when the instruments 
must be small and portable. An 
example of such a circuit is shownin 
Figure 11.9. Before use the micro- 
ammeter is first set to zero by 
means oOfavariable resistance. The 
voltage source is a transistor 
oscillator. The 20kHz voltage is 
rectified by a germanium rectifier 
in a voltage-doubling circuit. The 
power is supplied by a flashlight 
battery. 

FIGURE 11.9, Circuit of an ohmmeter using semi- The.above de circuits suffer from 
Sonar the basic shortcoming that the 
measurement result is affected by 
polarization. The appearance of a polarization emf when a direct current 
flows through moist soil reduces the conductivity and the current. A 
theoretical analysis of current conductivity inionic andelectrolytic solutions 
and in dielectrics, and experiments performed with a large number of 
dispersed materials with properties similar to soils, show that the current 
flowing through the tested sample is strongly damped (obeying a power law). 

The polarization effect increases with the voltage applied to the electrodes; 
due to the rise in current density, the soil conductivity increases approxi- 
mately linearly. These facts may lead (particularly in the case ofa 
material of high moisture content and considerable concentration of 
electrolytes) to appreciable errors inthe readings of the required resistance, 
which varies in time. 

These undesirable effects may be avoided in various ways, e.g., the use 
of rotating electrodes reduces the duration of current flow through the 
electrodes. Another generally used method of lowering the voltage is to 
reduce the current density through the electrodes by increasing their area 
and reducing the current and voltage applied to them, as well as by using 
ohmmeters with amplifying circuits using electron tubes or semiconductor 
triodes. 

Finally, the best means for preventing polarization phenomena is to 
replace the direct current by an alternating current of commercial or audio 
frequency. A frequency of 50 Hz is most frequently used. There are many 
instruments of this kind. Thus, for example, one of the circuits supplies 
the measuring circuit from an ac network through a ferroresonance voltage 
regulator, andthe current indicator is a ferrodynamic ammeter connected 
in series with the resistance being measured. 

Another circuit is based on the use of a ferrodynamic wattmeter, in 
which the moving loop with an additional series resistance is connected to 
a regulated voltage. A number of other ac ohmmeters and megohmmeters 
are known, particularly of the electronic type. For complete elimination 
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of the polarization effect, a frequency of 50 Hz is too low; one requires a 
frequency of the order of 1—10kHz, depending on the moisture content and 
salinity of the sample, the possible dimensions of the instrument and the 
form of the electrodes. 

Unfortunately, complete agreement cannot be obtained between the 
electrical resistance of the same soil sample when using a direct current 
(o—) and an alternating current (p_). Despite their similar variation with 
density and moisture content, experience nevertheless shows that the ratio 
op—/o_ increases with moisture content and temperature, and tends to 2 for 
W =70% and ¢=50°C. When one is concerned with estimating soil dielectric 
constant or with joint determination of the dielectric constant and electrical 
conductivity, ac measurements become widespread. All these problems 
will be dealt with in the next chapter, Here we give a brief description of 
ac circuits which are intended for measuring the single quantity, soil 
electrical conductivity. Especially well known is the use of resonance. 


FIGURE 11.10. Basic circuit for using resonance to 
measure the electrical conductivity of soil. 


In contrast to previous methods, the resonance method employs an 
alternating current, and is based on an oscillatory circuit which includes 
an inductance lo, standardized resistance R)and capacitance C,, connected 
in series (Figure 11.10). The circuit is inductively coupled to high- 
frequency (w,) and low-frequency (2) tube oscillators and consists of a plane 
capacitor O and a harmonic current indicator /, The soil sample is placed 
in the capacitor O, and the measuring circuit, which is fed from the tube 
oscillator with the low-frequency (wz) voltage (@&,), is adjusted to resonance. 
If the maximum current /Jp=/y, then 


€ 
fn TR 
where R is the resistance of the sample. By short-circuiting the sample 


and maintaining resonance as before, the resistance R, of the circuit has 
anew value, R=Ry». Then, Ip,=&o/Ro. The two resonance conditions yield 


= = (o2 — Koj). 


In this case the characteristic impedance aa of the circuit should be 
0 

larger than its ohmic resistance Ry). A bridge circuit supplied by an 

alternating current of audio frequency is fairly often used. 
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The literature contains fairly precise methods of measuring the electrical 
conductivity of soils. The apparatus described below /6/ provides an 
accuracy not lower than 0,03 % in measuring resistances of 1000— 

100,000 ohm and capacitances of 0—10,000pf. For other ratings of R and 
C the accuracy is somewhat lower, but still satisfactory. The bridge 
(Figure 11.11) is supplied with a 1000 Hz alternating current from a ZG-12 
audio-frequency oscillator. The resistance Ri;=R.2=1000hm, and the coils 
are carbon resistors of type BLP. Being enclosed in one shield, they 
completely eliminate inductance, remain stable, and are only slightly 
affected by temperature variations. The third bridge arm is an MSsSh- Ro8 
standard nonreactance resistance box, which is graduated to within 0.02 % 
on a standard KL-48 potentiometer. To compensate for the capacitive 
component of the conductivity, a capacitance box C of type MERP- Ro13 
(0o<C<1pf) is included in the circuit. The zero indicator is an instrument 

of type INO-3SM with sensitivity of 24uf. 

Grounding of the top of the bridge and high- 

= grade grounding of the whole apparatus, the 

use of a shielded conductor for wiring and 
reliable thermostatic control ensure very 
accurate electrical-conductivity measure- 
ments. 

The above techniques assume direct 
contact between bare electrodes and the 
soil. This technique, the only one used in 
soil science until 1940, developed in various 
directions by perfecting the electrodes, 
improving their contact with the soil, and 
soon. Apparatus based on the use of a 
bridge, as in Kohlrausch's method, include 
that of a) Nizen'kov /7/, who proposed an 
electrode in the form of a wood screw, 
{Zo-12 | playing at the same time the role of an auger; 
mes Sakae the second electrode of the instrument is 
Se ere ee ee then grounded; b) Rivkind and Razhenova 
ing soil resistance by means of an ac /8a/, who determined the electrical 
bridge. [ZG-12 is audio-frequency conductivity by an ac Kohlrausch bridge and 
oscillator; INO-3M is zero indicator. ] paid particular attention to the problem of 

ensuring a reliable contact between the 

electrode and the soil; the soil sample is 
placed in a specially constructed container, allowance being made for 
temperature variations while determining the electrical conductivity; c) 
Davydov /8b/, who used a glass container of 500cm?® volume containing soil 
in which the electrodes are buried; d) Dolgov /9/, who thoroughly tested 
and analyzed the functioning of various electrodes, both planar and 
cylindrical, made of diverse materials, including carbon, brass and nickel. 

By 1940 new methods of measuring electrical conductivity were developed 
with the aid of gypsum blocks /10/, which enabled many of the above- 
mentioned difficulties to be overcome. The idea of the method is to measure 
the electrical resistance not between electrodes, but in some intermediary 
porous medium, which, in turn, is in moisture equilibrium with the 
Surrounding soil. In this case the difficulties due to the variable character 
of the contact disappear, since the electrodes are situated not inside the 
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soil, but are firmly mounted in the intermediary medium. This innovation 
raises the reliability of the results and extends the range of measurements. 
Thus it was shown that with bare conductors the electrical conductivity of 
clayey soil only varies at moisture contents below 10—15%, whereas the 
technique using blocks is still sensitive for the same soil at values of 20 
and 25%. In addition, the calibration is more reproducible. 

The practical application of this idea is naturally associated with 
additional difficulties. Thus, for example, the intermediary material 
should have a good moisture exchange capacity with the surrounding soil, 
equilibrium being obtained without any lag. In this respect gypsum was 
classic, due to its porosity, mechanical strength, hydrophilic nature, and 
sO on. 

A typical gypsum-block sensor mostly used in electrical-conductivity 
measurements is made as follows. It consists of two very thin perforated 
nickel plates or two pieces of thin plane Monel, which act as electrodes to 
which leads are silver soldered. The electrodes are Separated by Spacers 
of gypsum paste (best of all hydrated gypsum, known as plaster of Paris). 

This gypsum-block sensor is placed in a perforated nickel box and 
compacted under high pressure. Square holes of size 0.2dm are situated 
0.25dm apart along the whole surface of the box envelope. This spacing 
of the holes ensures good contact between the absorbant and the soil. When 
the surrounding soil is wet, the resistance of the blockis low, andincreases 
as the soil dries. 

The block is connected to a Wheatstone bridge, supplied from a dry 
battery. A telephone microphone, equipped with a special device for 
amplifying and regulating the sound signal, is used as a zero indicator to 
determine the balance position of the bridge. Measures are taken to 
eliminate external noises and to increase the adjustment sensitivity, for 
which purpose a sensitive logarithmic potentiometer with a system of disks 
and a high capacitance capacitor is used. 

Another customary version, though yielding less accurate results, is to 
read the resistance directly from an ohmmeter. The gypsum blocks used 
by Bouyoucos were improved both by himself /11—17/ and by many others 
too /18—28/. Asaresult, both the advantages and disadvantages of the 
technique have been discovered. In particular, it was found that gypsum 
blocks cannot be used for measuring the electrical conductivity of soil 
through the entire moisture content range from the field capacity to the 
air-dry state. 

When the soil is either waterlogged or its moisture content is low, the 
blocks become unsatisfactory. This method is best used for intermediate 
moisture contents. Gypsum also cannot be considered ideal for measuring 
moisture exchange, as it displays hysteresis, i.e., incomplete return of 
the moisture to the soil, which also distorts the results after much uSe. 
Gypsum was also found to disintegrate after several months of use. 

In view of this, new intermediate media have been investigated, e.g., 
burnt or calcinated clay, concrete mixtures, rubber sponges, cements, 
dental paste. In recent years attention has been paid to fibrolite, glass 
and nylon. 

Colman and Hendrix /19—22/ developed and perfected this technique, 
and as a result recommended in 1946 the use of pure quartz fiber-glass 
fabric as the best material /20/, Nylon was also recommended. This led 
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to the development of a commercial model, which has been in use for a 
number of years. Fiber glass was used in the form of a two-inch ribbon 
and was not subjected to any treatment, except washing. 

The main advantages of fiber glass and nylon are their capacity to 
respond throughout the entire moisture range—from saturation to the air- 
dry state— without appreciable hysteresis, and their high durability and 
stability. Nylon is somewhat stronger and can be used longer than glass 
fiber, but is more inert. However, subsequent experiments have shown 
that both fiber glass and nylon disintegrate after a long time due to acidic, 
and particularly alkaline solutions in the soil. 

In 1954 Bouyoucos again used gypsum blocks with stainless steel 
electrodes press-fitted into them /17/. A number of scientists also used 
gypsum. blocks with metal electrodes, which are press-fitted into the block 
together with fiber glass. The popularity of calcinated gypsum is due to 
its large specific surface and uniform pore distribution. Highly valuable 
is the buffer capacity of gypsum, i.e., the low sensitivity to variations in 
the salt concentration in the soil solution. 

Much work is being done on effective selection of the electrode material. 
Among various proposals are wire electrodes wound or glued together into 
a groove, or on electrodes in the form of perforated plates, or as metallic 
mixtures with which the absorbent is covered. In various works the 
electrodes are made of copper, palladium, zinc, magnesia, steel and 
nickel. Colman and Hendrix introduced the highly promising metal Monel, 

Danilin /29/ carried out much research with gypsum blocks. Over a 
long period he tested many materials in the Scientific Research Institute 
for Hydrometeorological Instrument Engineering, in particular ceramics, 
quartz sand, fiber glass and even noble metals. He found that good and 
stable results are obtained from gypsum blocks containing press-fitted 
electrodes in the form of grids wrapped in fiber glass. However, these 
blocks also deteriorate with time: after a year the tin wears off. 

After an exhaustive investigation Danilin concluded that to stabilize the 
blocks one must use carbon electrodes. These do not disintegrate, do not 
corrode, and during three years of field work did not exhibit appreciable 
changes, The carbon is copper-plated at the ends, after which the 
conducting wires are soldered and the solder joint covered with water- 
resistant glue. River sand and fiber glass are recommended as the best 
intermediary media with which to cover the electrodes. The sensitivity of 
the method depends upon the thickness of the fiber-glass layer: the thicker 
it is, the higher the moisture content at which its electrical resistivity 
begins to vary. 

The carbon blocks comprise two carbon electrodes of 50X10X30mm, 
which are separated from each other by four-millimeter insulation rods 
made of ebonite and vinyl plastic. The space between the electrodes is 
filled with fiber-glass wool, and the top of the electrodes are wrapped in 
three layers of fiber glass. Owing to the high surface sensitivity and 
moisture content, fiber glass exchanges moisture well with the surrounding 
soil and ensures a reliable contact with it. 

The resistance is measured by a M-1101 megohmmeter, which is 
commercially manufactured and consists of a double-frame ratio measuring 
unit and a dc generator with manual drive. The error of the instrument is 
+1% of the full scale (80mm) for 2 rev/sec of the instrument's handle. 

The external dimensions of the instrument are 195X130X150mm, and it 
weighs 3.6 kg. 
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To eliminate the polarization effect of the electrodes on the instrument 
readings, one must take two readings corresponding to different positions 
of the wire connecting the blocks to the terminals of the instrument, and 
then use the average. The resistance blocks are calibrated under laboratory 
conditions over the given range of moisture contents, and with allowance 
for the variation in soil temperature. In this way the field conditions are 
approximated, in particular an aqueous soil solution corresponding to the 
natural state. The blocks are buried in the soil during fall and regularly 
checked 2— 3 times per season. 

Danilin performed many measurements of soil resistances with carbon 
blocks down to a depth of 100cm in Nemchinovo, Valdai and Khimki. 
Methodological work in the field of soil resistivity measurements is being 
developed in various directions and in all countries. Thus, one series of 
investigations revealed the peculiarities of polarization processes in dc 
measurements of the ohmic resistance of soils /30/. Different electrodes 
(in particular platinum ones) and currents (of the order of 100pa) were 
tested. Polarization in ac measurements were considered. The factors 
determining the change in the polarization of electrodes have been 
determined; in particular it has been showr that polarization is stronger 
for lower soil moisture content. 

The contact resistance between soil particles and dependence of the 
measurement results on the method of compacting powdery samples present 
problems when determining ohmic resistance. Attention has been paid to 
the methodological problem of eliminating such influences /31/. 

A number of factors should be taken into account, such as roughness of 
the soil granules, content of the silt fraction, granulometric composition 
of the soil material, and the method of compacting the soil uniformly. The 
sample is usually compacted by force, since a pressure exists past which 
the electrical resistance R remains constant. Unfortunately, R begins to 
be independent of the pressure P at high pressures, when the sample is 
considerably deformed and moisture is squeezed out of it. 

Various compactors, presses, springs, rollers, special loads, 
suspension devices and so on exist for creating a constant mechanical 
contact between the electrode and soil. 

Some papers deal with the influence of salinity on the results of measur- 
ing the electrical resistance of moist soil. Thus, Ewart and Baver /32/ 
show that the usual behavior of the function R=/(W), which represents an 
exponential rise in electrical resistance with decreasing moisture, is 
maintained for a low content of NaCl, of the order of 0.1%, but that already 
at 0.2 % this relation undergoes small variations. These variations become 
increasingly larger, resulting in a decrease in resistance as the salt 
concentration rises to 2%. At this latter concentration, the resulting low 
soil resistance remains constant throughout the drying process, and there 
is an appreciable osmotic pressure of the order of 8 atm. 

Many technical papers deal with methods of measuring electrical 
conductivity. Two methods are characteristic: direct current and alternat- 
ing current. The first version usually corresponds to the following 
experimental setup. The soil sample, completely dried up by electric 
heating at a temperature of 105°C, is tightly pressed into a porcelain or 
glass cylinder (length ~ 2.5cm, thickness 1.5 cm and internal diameter 
~10cm). Copper electrodes are led to the cylinder. The sample is 
subsequently wetted by mixing the soil with water. The resistance is 
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determined by the ammeter-voltmeter method. The 220v supply is taken 
from the source through a potentiometer, so that a constant voltage of 120v 
igs maintained on the cylinder during the experiment. 

In the second version the experimental setup is almost identical. A 220v, 
90 Hz voltage is applied through an aucotransformer, so that a voltage of 
120v exists across the soil sample placed in the same cylinder. All such 
setups, whose development started at the beginning of the 20th century and 
continues at the present time, aim at determining the relation between the 
electrical conductivity of soils and the frequency of the current. In view 
of its importance this problem is dealt with in more detail. 


§ 3. FREQUENCY DEPENDENCE OF THE ELECTRICAL 
CONDUCTIVITY OF SOILS 


When an alternating current passes through a soil, the measured 
electrical conductivity depends upon the frequency wv of the electromagnetic 
field. To estimate the influence of the field frequency on oa, one introduces 
a frequency dispersion coefficient y of the conductivity, defined by 


— 20) —9 (a) _y _ 8) (11.4) 
A) (0) ’ 


where the angular frequency of the process is w=2nv. If arise in » corre- 
sponds to an increase in y, then the coefficient y behaves normally, as in 
pure dielectrics. 

In electrolytic samples, to which soil belongs, we have the opposite 
picture: as v or w increases, y decreases and becomes negative. Thus, 
in soil one always observes anomalous frequency dispersion. For an 
electrolyte of low concentration we have 


0) — 
yo —=— 0.2523 c., (11.5) 


where o(occ) is the electrical conductivity for w=0 and infinite dilution of the 
solution, z is the valence of the electrolyte, and c, its concentration 
(g-mol/1). This formula is valid over a wide range of ot, (t, being the 
relaxation time). 

The relaxation force arises from the charge asymmetry in the ion space. 
The charge density behind an ion moving in an electric field is higher than 
ahead of it. This upsetting of spherical symmetry causes deceleration— 

a relaxation force. In addition, motion of ions in an electric field produces 
a second decelerating force—an electrophoretic force, due to entrainment 
of the solvent by the current of ions. When the frequency of the external 
field acting on the ions is low, the charge asymmetry corresponds to the 
oscillations of the excited ion, but as increases, asymmetry has not time 
to be established and the relaxation force decreases. 

If o, and o, denote the components of the electrical conductivity due 
respectively to relaxation and electrophoresis, then 


6 (w) == 0 (co) — 0, — G,,. (11.6) 
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The ratio can be found experimentally, where ow is the component of 


electrical conductivity due to the relaxation force at zero frequency. This 
ratio is a function of wt and a quantity depending on the valences 2; and z_ 
of the ions of the compound elements and their mobilities u,and u_. As 
regards t, its value is determined by the equivalent concentrations of the 
electrolytes and the electrical conductivity of the solution, as well as by 
the dielectric constant of the solution, The degree to which the electrical 
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conductivity depends on the frequency © or the wavelength 4=-—C,, can 


be calculated, C,,. being the propagation velocity of the oscillations. 

It we assume for simplicity that water under natural conditions contains 
only NaCl, and that its concentration is 0.001, then o(co)=123, o; =0.804 
and o, =16.160. Consequently, o(o)—o;—c, =106.60hm-!-cm-!, As the 
length of the electromagnetic wave acting on the solution increases from 10 
to 1000 m, the ratio of the dc o to the ac o increases from 0.03 to 1.4%. 

The above theory has been checked experimentally, but no clear-cut 
answer has yet been obtained. Already in 1912 Baristo /33/, probably for 
the first time, measured the electrical conductivity of soils at a high 
frequency (up to 2.65 MHz) and showed that a linear relation between the 
electrical conductivity and the frequency is maintained for audio frequencies 
up to 9kHz, after which this linearity is violated. During the 1930's 
Ratcliffe and White /35/ and Smith-Rose /34, 37/ carried out ac investiga- 
tions, varying th> frequency in order to determine the dependence a(o). 
Ratcliffe and White, who operated with radio frequencies, observedarise in 
o with o, the attainment of a maximum, and at yet higher frequencies a 
decrease ing. Smith- Rose experimented over a wide range of wavelengths, 
from 1000 Hz to 10 Hz, and determined an increase in the electrical 
conductivity with frequency, the increase at high frequencies being very 
slow. Collard /36/ and Fricke /38/ carried out similar investigations with 
soils at medium frequencies in America and Australia, and Joshi /39/, 
Chakravarty et al. /40/, Sen-Gupta et al. /41/, and Khastgir et al. /42/ 
used radio frequencies in India. The function o(v) is studied very thoroughly 
in the latter work. When determining the dependence of the electrical 
conductivity on frequency, one should take into account: a) the current 
distribution in the soil, b) the orientation of dipolar molecules, c) the 
skin effect. 

The formation of an ionic space charge may be disregarded, since it 
has been established that it only appears at very low audio frequencies. 

In the audio-frequency range, variations in o due to molecular orientation 
have far less effect than the current distribution. At high frequencies, 
however, the orientation of dipolar molecules predominates. The overall 
electrical conductivity of soil at any frequency is 


S=0+0,+9,, (11.7) 


where oo is the dc conductivity; oa and op,are the conductivities due 
respectively to current distribution and molecular orientation. 

It can be shown that og is directly proportional to the frequency v, so 
that at audio frequencies the variation of the electrical conductivity with 
frequency is linear oa=(oot+iv). AS regards op, it is possible to establish 
that at radio frequencies, where wtp<1, op=hov? ( & and & are constants). 
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Thus, the overall conductivity is 
O= dO) +kv+ kv. (11.8) 


In general o is very small, but for highly compacted soil the skin effect 
becomes important and 


R 


where k) is a constant characterizing the dc conductivity. For slightly 
compacted soils, o. is small and the skin effect is unimportant. The 
electrical conductivity then increases with frequency (Figure 11.12). In 
the case of strongly compacted soils and predominance of the skin effect 
over the other two processes of current distribution and dipole orientation, 
i.e., when oo>og and oop, o decreases with increasing v (Figure 11.13). 
The nature of the effect of dipole orientation completely agrees with the 
Debye theory. 

The above investigations evaluated the influence of temperature, moisture 
content, salinity, and particularly of the polarization and endosmotic effects, 
on the electrical conductivity of soils. A particularly detailed examination 
was conducted of how the various measurement methods (dc and ac) affect 
the measured resistance. 


§ 4. EFFECT OF POLARIZATION AND ENDOSMOSIS 
ON THE ELECTRICAL RESISTANCE OF SOILS 


The passage of a direct current through a soil sample produces 
electrolysis of the soil solution and liberationof gases, asaresult of which 
the current intensity decreases. Studies were carried out to determine 
how endosmosis affects electrical-resistance measurements of soils. 
Endosmosis causes moisture displacement from one part of a soil sample 
to another when a direct current flows through it, resulting in a current 
distribution and voltage drop along the sample. 

In /43/ a soil sample with a moisture content of 18 % was separated by 
two zinc electrodes into three equal sections (Figure 11.14), A current was 
passed through the sample under a constant voltage, and the voltage drop 
recorded at the ends of each section. At the conclusion of the experiment 
the soil moisture content was determined in each section; the moisture 
content at the right-hand electrode was found to be higher than at the left- 
hand one (22% and 9.5%), A constant potential was applied to the positive 
electrode of the middle section, and connected periodically to its negative 
electrode. A comparison of the water contents in each section and their 
potential distribution indicated that moisture moves from one section to 
another in the direction of the current. 

In another work /44/, the endosmosis process is considered together 
with the polarization process. The above scheme was used with a three- 
section cylindrical soil sample. 

When alternating voltage is applied to a sample of 16 % moisture content, 
the current first rises, reaches a maximum and decreases, as shown in 
Figure 11,15. 
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Comparing curve 2 with the analogous curve 1 for direct current 
(Figure 11.16), weseethey are similar qualitatively. However, a significant 
difference exists in the shape of the curves and in the absolute values of 
their ordinates, probably due to the fact that a direct current passing 
through a sample heats it, and this in turn reduces the resistance, as in 
any electrolyte. 

An increase in resistance is due to an increase in current, further 
heating of the sample, and soon. Thus, what occursisasortof spontaneous 
rise in the current with time. However, this process is opposed by the two 
other phenomena, namely, polarization and endosmosis, which cause a 
decrease in the current with time. As aresult, the current as a function 
of time for a direct voltage will depend on the relation of the three inter- 
related factors: heating, polarization and endosmosis, the first of which 
opposes the latter two. 


a Soil | Soil , Soil = 
E 1 a 
a a 


a 
e 
; T4600 002001600 win 
FIGURE 11.14. Circuit of apparatus for FIGURE 11.15. Dynamics of the electric current 
studying the effect of an electric current through a soil sample (curve 1), the temperature 
on soil moisture distribution. (curve 2) and the resistivity (curve 3) for an alter- 


nating voltage, 


For an alternating voltage source, the above picture is maintained in 
general, but slightly modified, since the polarization effect disappears and 
endosmosis becomes insignificant. Consequently, the current variation 
with time is determined only by the heating. This explains the quantitative 
differences between the curves, in particular the steeper rise of the current 
curve in comparison with the temperature curve in Figure 11.15. According- 
ly, the variations with time of the resistance for direct and alternating 
currents are also Similar (Figure 11.16), and it is clear that the resistivity 
p and its rate of increase are smaller in the latter than in the former case, 

These conclusions are fully confirmed by the following experiments. 
Direct voltage is applied to a sample of known moisture content, and the 
current and voltage are recorded on an ammeter and voltmeter, and the 
temperature read from thermocouples placed inside the sample. The 
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voltage is switched rapidly from direct to alternating at regular time 
intervals, and the instrument readings recorded. The sample temperature 
can hence be plotted as a function of time. 

This curve resembles almost exactly the variation with time of the 
current intensity; it is qualitatively identical for both dc and ac conditions, 
except that the rate of increase of the curve is steeper inthe latter case. 
In addition, a more complicated experiment with the three-section soil 
sample of Figure 11.14 was set up. A Nichrome heating wire was wound on 
the cylinder (covered on top by asbestos to reduce heat losses), and the 
heating current could be controlled to achieve a constant sample temperature. 
The sample had an initial uniform water content of 14%. Three thermo- 
meters were introduced perpendicularly to the cylinder axis into the sections, 
two at the edges and one in the middle of the cylinder. A constant ac voltage 
was applied tothe electrodes andthe current readings recorded. Figure11.17 
gives the temperature as a function of time for each section. This function 
resembles that of the current; the temperature of the middle section is 
higher than that of the end section, since the electrodes conduct heat to the 
Surrounding medium, The temperature gradient varies from the center to 
the edges, the direction in which moisture moves, and the heat accumulates 
at the edges more than in the middle. 


Current, 
ma 
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FIGURE 11.16. Electric resistivity p of soil samples vs. FIGURE 11.17. Current and temperature in soil samples 
time, for direct (curve 1) and alternating voltages vs. time: 
(curve 2), 


1—in the middle section; 2a and 2b—in the end sections; 
3—the current curve. 


§ 5. DEPENDENCE OF SOIL ELECTRICAL 
CONDUCTIVITY ON TEMPERATURE 


The soil solution plays a decisive role, and its properties mainly 
determine the dependence of soil electrical resistance on temperature. 
Thus, for example, the electrical conductivity for the mineral part of 
soil should depend exponentially on temperature, namely, 


C= Geter, (11.9) 
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where e is the forbidden energy gap expressed in electron-volts. Since 

the main influence on the electrical conductivity of soil minerals is the soil 
solution, in which electrolytic conductivity dominates, and temperature may 
be neglected, relation (11.9) /42/ is replaced by a linear variation of o 
with the temperature ?: 


6 = 6,|1-+ 8, (¢ — 4)], (11,10) 


where f; is the temperature coefficient of the electrical conductivity and 

o is the electrical conductivity at room temperature 4%. Such a relation is 
observed experimentally. Thus, one of the early references /39/ mentions 
the effect of temperature on the electric parameters of soil between 0 and 
105°C. Microwave techniques were used; the capacitance and resistance 
of a capacitor containing dry soil as a dielectric was measured. It was 
found that o varies within this temperature range from 3.4-10° (at 0°C) to 
8,2:10° (at 105°C) cgs electrostatic units, while « remains almost constant 
and equalto 4.0. The temperature coefficient £6; of conductivity at 20°C 
was found to be 2%, increasing with the frequency. 

According to Higgs /45/, who conducted measurements with a 5 Hz 
alternating current, fp; increases over the range from -15 to 20°C at a rate 
of 3% per 1°C; at O°C, the electrical conductivity and dielectric constant 
decrease, In the USSR the problem of the temperature variation of the 
electrical resistance was dealt with by Dolgov /9/, who showed that for 
Azov chernozem soils the resistance decreases linearly at room temper- 
atures. Taking the reference point as 4% =21°C, he established that 


Ry = Ry [1 — 8, (£ — 21)]. 


The form of o(t) differed somewhat from: linear in India /42/ (Figure 11.18), 
and retained the same nature at medium and high frequencies. The degree 
of compaction also did not affect the form o(f), The compaction factor, as 
well as the frequency factor, affected only the absolute value of o. Thus, 
for high compaction the value of o at microwave frequencies was lower than 
at medium frequencies. 


LC 


FIGURE 11.18. Electrical resistance of soils vs. temperature. 
The numbers 1, 2, 3 correspond to different soil types: 


Solid curves give the resistivity p, and dashed curves the 
electrical conductivity o. 
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The temperature effect, causing a rise in o with increasing temperature, 
is due to the fact that oo increases with t; op also increases gradually, since 
the relaxation time decreases. As regards og, it is So small that it may be 
disregarded, 


§ 6. DEPENDENCE OF THE ELECTRICAL 
CONDUCTIVITY ON THE CONFIGURATION PACKING 
FORM OF THE SOIL PARTICLES, AND TOTAL 
POROSITY 


The basic theory of determining the electrical conductivity of powdery 
materials and, in particular, soils, was developed by the prominent 
physicists Maxwell /46/ and Rayleigh /47/. 

Maxwell considered the electrical field of a continuous medium containing 
individual spherical particles, which have different electrical parameters 
and create their own fields. The total field of such a system is given by a 
formula which expresses the overall electrical resistance of the system in 
terms of the electrical conductivity o) of the continuous medium, 9; of the 
spheres, and the volumetric percentage either of the medium, Vp, or of the 
particles, V; (V= VitVo= 100%). 

Rayleigh constructed a two-phase system (cubic, tetrahedral, etc. ) from 
particles of given shape, and considered the paths in which the electric 
current flows under a given potential gradient from the arrangement of the 
contacts between the particles. He derived formulas of the type o=/ (op, ai, Vi). 

These formulas were subsequently improved and elaborated, resulting 
in a fairly rich literature concerning various two-phase materials, such 
as cements, concretes and, in particular, dry soils. Since a detailed review 
of the subject is beyond the scope of this book; we give only the well-known 
results. 

Bottcher, Polder and Van Santen /48/ developed Maxwell's ideas and 
proposed an expression of the form 


=o {1-3 Y[vi0- OL apace}: eee 


G, being a form factor, whose numerical value depends on the shape of the 
particles. Formula (11.11) is based on elliptical particles. For spherical 
particles 


o;—1 
=Witee ais ' (11.12) 


For particles in the form of rectangular plane plates, G, =1, and G,=G.=0. 
Bruggeman /49/ proposed another version of the formula: 


= _—. %1—-F (99\8/ 3+ (2 —3G) (€;/e9 — 1) 1° 11.13 
ome. Oi — bo ey Reaceeorcrmesy 
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where 


paitet 8g, 2(1-8G,)? 
1+ 3G, (2 — 3Gq) (1 + 3G,) 
For spherical particles, G,=5 and 


For prolate ellipsoids, G.=G, and G,.=1—2G,. 
For plates, G,=0 and 


1 G;—0, O+20; ' 
i 0 é 


The influence of particle shape on the effective electrical conductivity of a 
system is clearly seen from the Burger — Eiken formula 


—_ 1— (1 —o,/0,) LV, 

C=O ry (11.14) 
where V; and V2 are the volumes of the matrix and of the extrinsic phase; 

L depends on the shape of the particles and is given respectively by 


ss pe ee 
26; +02 ” 3 (01-02) ’ 30, 


L 
for spherical, cylindrical and thin particles in the form of rectangular 
plates. Comparison of all the above formulas for spherical particles 
indicates that: a) a smaller disparity between the values of o;/o9 leads to 
better agreement between the results calculated by the different formulas; 
b) a relatively low electrical conductivity of the spheres gives a curvilinear 
dependence of o on V;, and a high percentage of spheres leads to a linear 
dependence o=/[(V:); c) o of the mixture always decreases as the volumetric 
content of the spheres increases, the decrease being very steep when the 
electrical conductivity of the spheres considerably exceeds that of the matrix 
(particularly for a low percentage content of spheres). Such a sharp 
discrepancy between the data obtained by the different formulas forces one 
to regard them critically; only experiment will verify which formula is 
the best. 

Rayleigh /47/ proposed the formula 


(11.15) 


= y C—O 4 : 
==0, Vi-S 7 Ge, oe a” 
where S,depends on the degree of compaction and has the form 


S,= D> (m' +im)*,  m', m=0, +1, £2, ... 


Rayleigh subsequently found that 257/n* = 0.3058. Formula (11.15) was 
considered for systems with spherical particles packed in various ways. 
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It was found that S, equals 3.11 for a cubical system of loose compaction, 
3.10 for a cubically centered system, and 7.51 for a compact tetrahedral 
system. The theories of Maxwell and Rayleigh were found to be consistent. 
De Vries /50/ gives values of V; for three packing systems of spheres 
obeying the two limiting ratios 9;/o.+0 and 0;/0.>00 (see Table 11.1). 


TABLE 11.1. Comparison of Rayleigh's (o,) and Maxwell's (¢,,) theoretical values 
for systems with various particle packings 


Volumetric 
Packing particle o,,/9 
content 


0,923/1.36 
0,928/1.11 
0,968/1.11 


It follows from Table 11.1 that the best agreement between the theories 
of Rayleigh and Maxwell is for high content of inclusion particles, and 
when the electrical conductivity of the latter is negligible compared with 
that of the medium to which they are admixed. When the particles have a 
high electrical conductivity, the discrepancy between the values of o 
according to the two theories 1s particu- 
larly large for loose cubical packing and 
reaches 36%. 

By considering the thermal resistance 
of two-phase systems, formulas have 
been developed for, inparticular, powdery, 
cellular and granular systems in which 
the granules are arranged according to 
some pattern. Using the formal similarity 
between the equations of thermal and 
electrical conductivity, such calculations 
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a b 
can be completely carried over to the 
FIGURE 11.19. Rough configuration of soil process of electricity conduction, with 
particles in the form of parallel plates: the following results. 
a—current perpendicular to the lamination; 1, Two formulas describe the model 
b—current parallel to the lamination. shown in Figure 11.19. The first refers 


to an electric current perpendicular to 

the surface of the particles, having the 
form of rectangular parallel plates separated from one another by air layers 
(a), and the second refers to a current parallel to the plates (b) /51/: 


100 
100 — 
b) o=9, Too + 82755 (11.17) 
° A V 
the porosity of the system is P= Vy; 


2. Figure 11.20 refers to a system of particles in the form of staggered 
rectangular plates. Two versions are considered: a) when the volume of 
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the particles is larger than that of the air pores, for which /52/ 


4 
o=0,|7— P+ (1— 2p); (11.18) 


b) when the volume of the particles is smaller than that of the air pores, 
for which 


4(1— 


3. Figure 11.21 consists of cubes whose walls comprise the soil 
material, while the gaseous phase forms the internal cavity. In this case 


/53/ 


es 
a, + (p*? — p) (a, — 41) (11.20) 
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FIGURE 11.20. Improved FIGURE 11,21. Model FIGURE 11.22, Model 
scheme of the rough models: with cubical pores (ac- of cubical packing ar- 
staggered particles in the cording to Starostin), rangement of spherical 
form of plates. granules (according to 


Russel). 
4. Figure 11.22 presupposes the existence of two structures: a) a 
continuous solid in which the air pores are uniformly distributed; in this 


case /54/ 


0 
op +5 (1 —p™) 


ae ree een (11.21) 
p—pPe+ 2 (1— p+ p) 
b) air in which solid cubes are uniformly distributed; in this case 
0, (1 — py’? + 1—(1— p)”* (11.22) 


© ofa [1 — 2)" 1+ p] + [2— 0 — py 9] | 
5. Figure 11.23 shows pores in the form of air cubes joined by solid 


sections. Electricity flows in the direction of the arrow. With certain 
assumptions /55/ 


o = oop” +-o, (1 — p)”. (11.23) 
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6. The best known model is shown in Figure 11.24. The soil is here 
considered in the form of spheres packed to some degree of compaction. 
Two limiting models are interesting: a) loose packing—a cubical arrange- 

ment of granules, with low stability and much air 
(p = 47.64%); b) compact packing—a tetrahedral 
ie ¢) Saee 7 ae arrangement of granules, with high stability and 
Le (ja minimum air (p=25.,95%). Thermal conductivity 
calculations were carried out for the first model 
by Nekrasov, Shuman and Vass, and Smith, and 
for the second model by Vlasov, Kaufman, and 
Bogomolov /56—61/, 

Using the formal analogy between thermal and 

electrical phenomena, o for a system with loose 


AV 
WL LL JL 
y 


VMOU MUL, 


FIGURE 11.23. Lattice packing of equal spherical particles may be 
model, with square pores expressed in the form /60/ 
surrounded by solid walls 
(according to Ribaud). 1.5310, (0.9 — p) (11.24) 
0 = e 
(2.1 — p)? ’ 


and for a system with compact packing of the same particles /61/ 


43 +0.31p_ (11.25) 


o = no, In 7 26 


For any statistical distribution of particles /62/ 
__ 8p, —1) 9) + Bp2—1) 6 y |& —1) + Bp: —1) a]? | 019 1,2 
= = a | 1 | +335 ° thee) 


Although calculations of this kind are only approximate, they can serve 
to evaluate quantitatively the influence of structure and porosity on the 
electrical conductivity of a two-phase soil system, i.e., dry soils. 


a b 


FIGURE 11.24, Models of loose and compact 
packing of granules: 


a—cubical packing; b—tetrahedral packing, 


Expression (11.26) corresponds most closely to the soil structure and 
is derived from the assumption 


A-o; <A,->0,;; <A,—>o, 


where A is the generalized conductivity, representing (by analogy) electrical 
conductivity, dielectric constant, thermal conductivity and diffusion; A: and 
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A, are the conductivities of the two phases. The formulas will be derived 
in the next chapter, where the dielectric constant of a system will be 
considered. 

A heterogeneous system, regarded as a statistical mixture of at least two 
phases, generally includes also systems with loose (cubical) and compact 
(tetrahedral) packing of particles. A characteristic feature of such a 
system is that permutation of the phaSe subscripts does not alter the 
function expressing the generalized conductivity, i.e., 


A=F(A,, Ag, ae V.) =F (Ag, Ay, V5, V,), 


where ¥; and V2 are the volumetric concentrations of the two phases, 
Thus, the dependence of the electrical conductivity of soils on porosity 
is determined by the model structure. For a loose, compact, or other 
pattern of particle packing this dependence is described in the dry state by 
one of the three formulas (11.24), (11.25), (11.26). In the simplified 
assumption of a spherical form and uniformity of the soil particles, a 
departure from the spherical shape has a small effect on the calculated 
o of the system. 
These are the main theoretical conclusions. Unfortunately, the matter 
is still confined to theory, as hardly any experimental results exist. 


§ 7. DEPENDENCE OF THE ELECTRICAL 
CONDUCTIVITY ON SOIL MOISTURE CONTENT 


The moisture content of soil has a far greater effect than the above- 
mentioned factors. Attempts to relate analytically the overall electrical 
conductance (Q) or the conductivity (co) (or their respective reciprocals R and 
p) to the soil moisture content date back to the 1880's. Laboratory and 
field experiments suggested that the soil moisture content W is related to 
the resistance R as follows: 


t 
y — oT 
or, more accurately-/8/, 
W= +6. 


This expression is based on a consideration of moisture content alone, 
and ignores other important factors, such as temperature, nature and 
content of salts in the soil,- dimensions of soil particles, etc., which also 
affect the electrical conductivity. Subsequent investigations took these 
additional factors into account, resulting in more complicated functions of 
W=f(R). 

Thus, Bazhenova and Rivkind sometimes assume this function is linear 
and at other times exponential, depending on the physicochemical properties 
of the soil. Dolgov /9/ proposes a formula of the type 


Vat 
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whereaand 6 are constants depending on the nature of the soil, 0 having 
the value 1.5—2; c is the moisture content at R--o, i.e., 


C= Wel et ce 


Other formulas /7/ have also been proposed: 
W — a b 
Paps a ere? 


where a, 6 and ¢ are empirical constants. 

Dolgov attacked the problem correctly. He considered that when 
determining the function W=/(R), all remaining factors which may affect 
the resistance simultaneously with W should be held constant. With tnis 
in mind, he derives the resistance temperature coefficient for various 
soils, and with its aid reduces all the measured resistances to the same 
temperature conditions ?*, 

By measuring R; at any temperature ¢ and using the linear dependence 
of the resistance on temperature, given by 


Ry = Ro (1 + at) 


(Ro being the resistance at 0°C), one can easily determine the resistance at 
the giventemperature ?*=const from R,,=Ro(l+at*). 

Dolgov suggests eliminating the influence of the variable nature of 
electrolytes on the function R=/f(W) by bringing the soil to standard salt 
saturation, namely, by mixing it with NaCl. A special packer is used to 
bring the soil to a standard, constant compaction; this eliminates density 
effects. A comprehensive study of R=/(W) by the laboratory analysis 
described above should be fruitful. 

The function R=f[(W) can be obtained theoretically by using the generalized 
conductivity, where allowance is made not for two, but for three component 
phases. A consideration of the dielectric properties of soils shows that /62/ 


0; —O 
» nan io (11.27) 
where i=2 for dry soil, and i=3 for moist soil. The expansion of (11.27) 
yields 
o,—oO 0,—9O 0; —0O = 
a, + 20 a ae eal p+ eg v=0, (11.28) 


where oj, 02 and o; are the electrical conductivities of the solid phase of the 
soil, the air and the moisture, and o is the electrical conductivity of the 
moist soil; V; is the volume function of the solid phase, and py and W are 
the porosity and moisture content of the soil. 

Equation (11.28) is limited to finding the general qualitative character 
of c=f(W) since, first, other formulas are known and, second, it does not 
contain coefficients which represent the chemical-mineralogical or 
mechanical composition of the given soil. Such detailed analysis of the 
function sc=f(W) is only possible on the basis of experimental data, which 
are therefore considered now. 
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Dolgov brought soil samples to the same room temperature (21°) and 
obtained convincing data. For example, results obtained from samples of 
Azov chernozem at various depths (Figure 11.25) fit well a formula of the 
type W=aR*+5, where 6is a fairly stable and almost constant quantity of 
the order 15—17; a, onthe other hand, may vary from level to level (0.26 
to 3.3) by a factor of 13. 
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FIGURE 11.25. Resistance at a temperature of 21°C, vs. soil moisture content 
W, for Azov chernozem at various depths: 


1—24 to 34cm (horizon A,); 2—48 to 58cm (horizon B); 83—65 to 75cm (horizon 
By); 4—93 to 100cm (horizon B,): 5—123 to 133cm (horizon 8). 


The data of Bouyoucos and Colman, recently obtained with the aid of 
fypsum sensors, give the moisture response of the electrical resistance 
of the sensors and not of the soil itself, and therefore do not represent 
the absolute value of the soil resistance. However, since the electrical 
resistance of the sensors alone is constant, the readings of a sensor buried 
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in soil represent completely the nature and variation of the electrical 
resistance of the soils under consideration. 

Consequently, the resistance curves derived from a gypsum sensor 
buried in soil describe qualitatively the true dynamics of the electrical 
resistance of soils. Figure 11.26 show such curves on a semilogarithmic 

scale for 25 American soil types 
/16, 17, 19—21/,. 
In 4 40 Figure 11.27 presents curves 


for some Soviet soil types. 
tt 


Curves 1—4 refer to fine-textured 
soils, and curves 5— 9 to coarse- 
textured soils. These data were 
recently obtained by Dolgov's 
collaborator Terent'eva, who 
investigated 32 soil types over 
a wide range of moisture contents 
(4— 40%) and temperatures 
(—12 to + 35°C) /63—65/. 
The behavior of the curves 
e(W) is determined by the relation 
between the properties of the 
highly conducting electric chain 
formed by free moisture and 
FIGURE 11.26. Variation (on a semilogarithmic scale) cen nie i gaat 
of electrical conductivity with soil moisture content W mare 
faiWarioueAineni@an colle: the electrical conductivity is 
determined by the amount of 
unfrozen water. When the 
moisture content, and consequently also the fraction of free moisture, 
decreases, ice formation decreases, and so the soil resistance should 
also decrease. 
According to Ananyan /66/ the curve p=/(W) has a minimum, correspond- 
ing to the plastic limit of the samples, since there areno ice structures which 
hinder the passage of an electric current (Figure 11.28). The abrupt 
variation in the curve p(W) at O°C is of interest. This variation is clearer 
as the percentage of free moisture in the soil increases (Figure 11.29), 
Ananyan established a very interesting empirical relation, which 


those of the low-conducting thin 

chain formed by oriented water. 
represents the combined effect of the temperature and moisture content 
on the ohmic resistance: 


It was found further that the rise 
in 9 with decreasing moisture 
content is steeper in fine-textured 
soils than in coarse-textured 
soils at high moisture contents; 
a 4d . at lower moisture contents the 

MW, opposite is true. 


p= pre Ww" 
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Numerical processing of the experimental curves yield the following ranges 
of values for a,b and c: a=10.5 to 14.2; 6=-0.025 to-0.031; c =-9.81 
to — 1.41. The values of a, 6 and c depend on the soil under investigation. 
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FIGURE 11.27. Resistivity p vs. moisture content for Soviet 
soils: 


1 to 4—fine-textured soils; 5 to 6—coarse-textured soils. 
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FIGURE 11.28. Curves of p= f (W) FIGURE 11.29. Curves of p = f (f) for 
for different f. different W. 
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Torosyan /67/ investigated a number of hotbed soils and confirmed that 
o(W) has the form W=ap", The function o(W)is also affected by the temper- 
ature. Inthe linear relation o(/), where 


O = d[1 —a(¢—f)], 


the coefficient a is not constant, but depends on the density and, in the first 
place, onthe soil moisture content. This coefficient « varies with YW, 
attaining a maximum as W increases, where 


b c 
poe ais ie aan 


The higher the density, the greater the values of a(W), Only Millard /68/ 
represents o=/(W) by a straight line. 
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Chapter XII 


DIELECTRIC PROPERTIES OF SOILS 


§ 1. THE CONCEPT OF SOIL PERMITTIVITY 


The basic characteristic of the dielectric properties of soil is its 
dielectric constant, denoted by e,, whichis the ratio of electric field 
strength in vacuum to that ina dielectric. Being a relative quantity, e, is 
dimensionless. 

If e denotes the permittivity of empty space and e is the permittivity of 
a material medium, then e=g,. In the cgse system e=1 and ¢ is dimen- 
sionless, whereas in the mks absolute system both e and e have the same 


dimensions, coulomb’ /newton: m*. In the rationalized mks System e = 


= 8.86-107!2 coulomb*/newton-m’. Inthe following we will take # =1 and 
fr = &, 

The permittivity of soil, as a complex multi-phase material, depends 
on the dielectric properties of the mineral skeleton of the solid, the 
chemical nature, structure and configuration of the soil particles, their 
shapes and sizes, and also the dielectric properties of the interpore air 
and moisture. Each phase— solid, liquid or gaseous—entering in various 
combinations and relations in the total volume of the soil, makes its 
contribution to the effective permittivity of the soil as a single complete 
set of elements. 

The calculation of e for a system is clearly extremely complicated, 
requiring a knowledge of the chemical-mineralogical composition, structure, 
particle size, density, porosity and moisture content of the system, as 
well as the nature and character of the electric interactions and coupling 
forces between the atoms and molecules of the soil material. In this 
connection one should bear in mind the existence in soil of conductivities 
of alltypes: to a small extent electronic (for highly conducting components 
of the solid phase), dielectric (for low-conducting elements of the mineral 
part of the soil) and in particular ionic (for the soil solution). 

Despite its complexity, the problem can be solved theoretically. An 
experimental determination of e for the system as a whole or for its 
individual elements is probably simpler. Results of such measurements 
show large differences in the value of e for individual components of the 
mineral part of the soil, even with equal densities and moisture contents. 
The air content and moisture content have a special influence on the effective 
value of e for soils. 

The range of values is indicated by estimates of e for individual mineral 
components within the solid phase of the soil. Thus, for quartz e=4,5—5, 
feldspar 4.5—5.5, mica 8, granite 7—12, limestone 15, sandstone 9—11. 
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We recall that for absolutely pure air and water e is respectively 1 and 
[approximately] 80. Asa result e may vary between 2 and 20 for real soils. 


§ 2. STRUCTURAL MODEL OF SOIL AND 
ITS PERMITTIVITY 


To calculate the permittivity of soils, the configuration pattern of the 
soil particles must be known. If we take (as in the study of the electrical 
conductivity of soils) the correct arrangement of the particles according 
to a definite symmetry scheme (cubical, tetrahedral, rhombic), and assign 
to the particles themselves the correct shape (sphere, ellipsoid, plane, 
and so on), then all the formulas in § 6 of Chapter XI for the electrical 
conductivity of soil can be applied to €, 

In addition, others can be derived which are especially applicable for 
calculating e, but less so for o/1—5/. The latter include, for example, 
the formula for a fine-grained two-phase system, whose structure may be 
visualized in the form of cubical particles separated by air pores. The 
effective permittivity ¢« of such a system lies within the limits 


e UPTO poy] tle tC Po)" Jee. f= po)" es pot ea 
€ (1 — po) + E2Po [1 — Po (1 — po)?] &) + (1 — po) & 


The lower limit is obtained when e is calculated as a series-connection for 
the conductivity of the cube and pore, with the conductivity of the lateral 
pores added to the result. The upper limit is obtained when the series- 
connected pore conductivity is added to the sum of conductivities of the 
cube and lateral pores. If po is the ratio of the pore length between cubes 
to the cell length, and p is the porosity of the system, then po=1— (l—p)"; 
€; and e, are the permittivities of the air and solid skeleton of the soil. 

For small po or p 


E, [2€; Do + (1 — 2p) €5] {2 pe, + (3 — 2p) Eo] 
cSpyeie, C= peer (12.1) 


i — 
For a system with spherical granules of permittivity e. the following 
expression is obtained (when the granules are uniformly distributed 
throughout the system): 


3 — 2p) e, + 2pe 
mae yee era (12.2) 
where 0.48<p<1 for cubical packing and 0.26<p<1 for hexagonal packing of 
the granules. 

If the soil is completely saturated, then the solid particles of the mineral 
part of the soil have an &, which is a fraction of at least 1 in 10—20 of the 
permittivity e, of the pore moisture, Then, for spherical particles in a 
cubical packing, 


2W 
ine OO | (12.3) 


where W is the system's moisture content. 
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The permittivity of a moist system is found to be weakly dependent on the 
Shape of the granules, almost independent of their radius, and determined 
only by the permittivity of water and the moisture content of the soil, in 
accordance with formula (12.3), 

In general, when the solid particles (of permittivity e) can be ascribed 
the form of uniaxial ellipsoids (with semiaxes a and 6) surrounded on all 
sides by the intermediary medium (of permittivity e,), the following formula 
holds: 


- — Pip (2 —1)) (1 —[n ~ (2 —1) ple (12.4) 
(2 — p) & + pe, 


where 


208 
e— (1— e?) + pe, 


3 


eS (1—=) : 


n=Nno= (across the granules ) 


For spherical granules (n=n.=n;) 
e3 
en8 (Antheve+), 


resulting in the previous formula. 
For prolate granules (e—1; n=n,=2; n3— 00) the following two formulas 
for e are obtained: 


& =e; a tae (across the granules) (12.5) 
e = pe, +(1— p)e, (along the granules). (12.6) 
For lamellar granules (¢-00; n=n,=00; n3=1) 
ps ee oe 
along the axis of the plates, and along their edges 
e= pe, +(1— p)e (12.8) 


For the extreme cases of e,.>e, and e<e,, we have respectively the two 
formulas 


elt) =e ME Ca IP (12,9) 
&, (np — 1 
ett) — BEDE (12.10) 


All the above formulas are based on an analysis of the polarization of 
molecular dipoles in a dielectric. In an electric field molecules develop 
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a dipole moment m,=8E’, where Bf is the polarizibility and E’ is the field 
intensity. The latter is higher than the average field intensity E ina 
dielectric due to the field intensity created by neighboring polarized molecules 


and equal to * M,, where M,is the polarization vector, whose numerical 


value is equal to the total electric dipolar moment of all the molecules 
contained in unit volume of the dielectric. In other words, 


se a 


|M, | = BE’ = npE + “2M, = —*t— = xE, 
I 
3 


where x is the electric susceptibility of the substance. 
The theory of electrostatics yields 


e= ote ; therefore e=1+ nat 
af 
1 — — ap 


In addition, it is known from molecular physics that p=a’, where a is the 
effective radius of the molecule. Hence, 


where @ is the proper volume of the molecule, and wis the proper volume 
of all the molecules in volume vy of the dielectric. Then 


3Uo 


Bee ag 


The above reasoning applies to ideal and nonpolar molecules, for which in 
the absence of a field the mean value of Me=0. Onthe other hand, for rigid 
or polar dielectrics in the absence of a field the mean value of M.+#0. 
Whereas the effect of the field in the former case is to ''stretch" the dipoles, 
the field inthe latter case orients already existing dipoles along the field, 
so that 


2 
mon 


M,= 3kT 


(k being the Boltzmann constant and T the absolute temperature), whence 
for this type of dielectric 


2 


mn 
&F=— l-+ar ie. 
In general, for any dielectric in which both these effects occur 


3Ug 


mn 
Ci Wale yw aa 


316 


These general considerations are based on the Clausius — Mosotti— 
Lorentz — Lorenz formulas used for molecular solutions of various 
heterogeneous systems. Soil systems are also heterogeneous. An attempt 
to apply the above formulas in the form 


e—I Ee; — 1 
=a Lap? V; (12.11) 
(i 
or 
2 ia 
' e; +2 


_y fly, 


rer 


to soil systems would therefore be of interest. Heterogeneous systems are 
subdivided into matrix and statistical systems. Characteristic of the former 
is the existence of some general phase, a matrix, in which uncoupled 
particles, granules, elements, components of a second phase are 
disseminated. Typical of the latter is the picture of a mechanical mixture 
of clearly delimited phases, as well as geometric equality of these phases, 
in contrast to matrix systems. In view of this (e.g., for a two-phase 
system), permutation of the phase subscripts does not affect the effective 
electrical conductivity and permittivity (and in general the generalized 
conductivity) of a statistical mixture, but changes their values for matrix 
systems. This can be described symbolically as follows: 


F(e,, 9, Vi, Vo) FF (ey €, Vo, Vi) for a matrix system; 
F(e,, €, Vi, Vo)=F (e2, &, Vo, V;) for a statistical system. 


It follows that soils completely fit the class of statistical systems. Attempts 
were made to develop a computation scheme for Some two-phase statistical 
mixtures, which were based both on the Lorentz— Lorenz formulas (see 
Wagner's formula /6/) and on a semiempirical, method (Lichtenecker's 
power and logarithmic formulas /7/): 


=e, (1 + 3V, | — Wagner's formula; (12.13) 
= V elt) 4 Viet), (12.14a) 
VV, Lichtenecker's formula. 
€ =e) '€9 (12.14b) 


These formulas can only qualitatively account for the behavior of e=/(p) in 
soils, but are unsuitable for quantitative calculations of the effective value 


e V ° ° 
of « over a wide range of p=~+ VY . We now consider a more satisfactory 
i 2 


computation scheme, suitable for our purposes. 
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§ 3. DEPENDENCE OF SOIL PERMITTIVITY ON ITS 
POROSITY, MOISTURE CONTENT AND TEMPERATURE 


The theoretical basis for obtaining functions like e=f,(p), e=f.(W) and 
e=f;(t)is Some structural modelof a two-phase or three-phase disperse 
system. Essentially, any of the formulas in § 2 of the present chapter or 
§ 6 of Chapter XI may serve as a basis on which to build these functions, 
since each one presupposes some agreed model of solid soil particles (1st 
phase), separated by air (2nd phase) or water (3rd phase). 

However, not every one of the many such formulas is really suitable for 
deriving the functions f,, f, and f,, Some are based on unreal structures, 
others overlook a number of important facts, and others include far too 
many approximations. This is not the place to describe and compare the 
advantages and disadvantages of the numerous calculations of this kind. 

However, a theory developed by Odelevskii /8/ will be described, as its 
conclusions have been repeatedly checked and invariably confirmed during 
more than fifteen years. Experimental verification of the permittivity and 
electrical conductivity was obtained for various statistical mixtures ofa 
dielectric nature, but for soils only the coefficient of thermal conductivity 
was verified, 

The calculation technique used by Odelevskii may be termed "auxiliary 
system method" and is valid under certain conditions: a) the medium is 
isotropic, and its components approximate a monodisperse state; b) 
absence of significant surface and contact phenomena. These conditions 
are often satisfied by soils. Thus, given a statistical mixture consisting 
of k phases, their permittivities and volumetric concentrations may be 
denoted respectively by e; and V;. Introduce an auxiliary system II, which 
possesses the same configuration of the phase components, but with 
permittivities smaller by a factor of e. In other words, in system II each 
phase possesses a permittivity ¢)' = —- The permittivity of the whole 
systemisthen &=1. Assuming the field inside the particles equals that 
inside a polarized medium, the induced polarization vector for any i-th 
phase is 


1 3EV 


(Mei), == (Had Vie = — BM" 


E; is the field intensity inside the particles of i-th phase. Since 


R 


t= l + ») (Mei)i 1: 


(t) 


we have 
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Hi 
However, §=1, and ey =e,/e; hence 


k 


E;—eE 
es V;=0. (12.15) 
J 


This is symmetrical with respect to the phase subscripts and satisfies the 
requirements of dimensional analysis; it also does not possess the defects 
of the Clausius— Mosotti— Lorentz— Lorenz formulas (in particular, with 
regard to dimension), Therefore, it is fully applicable to statistical 
mixtures. For a two-phase system (i =2) the formula assumes the form 


[ BV, a ee See CMD arb OV ts : (12,16) 


It is hence possible to describe and check the function e=/;(p), which has 
been checked experimentally with regard to the coefficient of thermal 
conductivity 4 of quartz sand. The function 4=/(p) was consistent with 
Odelevskii's formula. The uSe of a generalized conductivity allows 
Satisfactory convergence to be obtained for the function e=/:(p) by analogy. 
No direct experiments have yet been undertaken. There are grounds for 
assuming that equations like (12.15) would probably apply for calculating 
the effective permittivities of three-phase systems, i.e., of moist soils, 
for which i = 1 to 3 in (12.15). 


o 10 OO OQ 
Pkg W, % 
FIGURE J2.1,. Electrophysical charac- FIGURE 12.2, Typical dependence of 
teristics of Delhi soil (a and e) vs. € on moisture content W in soils near 
pressure (P): Moscow: 
€ —in the cgs electrostatic system; o—in e is expressed in relative units. 


the cgs electromagnetic system; W= 
= 0%; v =0.886 kHz, 


A few experiments also aimed at determining the functions e=/(W) and 
e =f(t). Data on the influence of density and moisture content on the 
permittivity of some soils was given by Smith- Rose (/37/ of Chapter XI), 
who observed that with increasing density (or decreasing porosity p) « rises 
slowly and attains a maximum. 

This question was studied in more detail by Khastgir, Roy and Banerjee 
(/42/ of Chapter XI), who placed soil samples between two coaxial cylinders 
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and compacted them by means of a hydraulic press. The functions 
e=f(o) and e-=/(P) were determined while a force P was applied. The 
coaxial cylinder was a capacitor connected in an equivalent circuit or a 
resonance circuit, and the investigations were conducted for various 
frequencies. 

The resulting curves of e=f(P) are represented in Figure 12.1, which 
illustrates the rise at low densities and the saturation from a certain 
pressure onward, The observed phenomenon can easily be accounted for 
from simple physical considerations. In compaction, the relative content 
of the air phase, which possesses low values of e, decreases due to the 
increase in the fraction of the solid phase, having a higher value of e. 
However, compaction of the solid particles above a certain density limit 
becomes difficult. As a result, the rate of increase of e in the system 
(denoted by e,,) decreases and a Situation sets in corresponding to e—> const. 


&€, cgse units 


aU / 

A 
19 
10 
o 
rr a a nn a a a aS 
FIGURE 12.3. Function e(W) for soils near Moscow FIGURE 12.4, Electrophysical soil characteristics 
with different degrees of dispersion: (o and €) vs, temperature; 
J—the fraction 1~0.5mm; 2—the fraction 0,5— The quantities e and &e¢¢ represent the solid phase 
0.25mm, and the soil as a whole for Delhi. The frequency 


in the experiment is v=5 kHz; the soil is highly 
compacted; o is given in cgs electrostatic units. 


Figure 12.1 indicates that for the soil being studied such a situation leads 
to a Similar function for o(P). 

A similar picture should be observed, at least qualitatively, for the 
function e(W) (Figure 12.2) /9/, 

Adding water to the soil increases the effective value of « of the system; 
water has an e of 10—20, and a value relative to air of 30. It would seem 
that if all the soil pores were already filled with moisture, further increase 
in e is impossible. However saturation, for which ¢—&,,., = const, does 
not occur for a number of fractions (Figure 12.13). 

The permittivity as a function of temperature, e(t), has been studied 
(/32—44/ of Chapter XI). The observed decrease in the effective value of 
e with increasing temperature cannot be accounted for just by the decrease 
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in density due to soil heating. Were we to consider only this effect, a rise 
in e with increasing temperature would be observed. 

The explanation of the effect (Figure 12.4) is that according to Debye's 
theory, the permittivity depends on the relaxation time, which in turn varies 
with temperature. 


G 
2.0 


0 0 2 8 WwW © Ob 0 & UC 


FIGURE 12.5, The difference in the functions e(f) and o (f) for 
loosely compacted Dacca soils: 


a— yv=1.167 kHz; b—y=808 kHz (e is given in relative units, 
and o in cgs electrostatic units). 


Debye's theory predicts a rise in permittivity with increasing relaxation 
time (decreasing temperature), and may be more clearly determined by the 
temperature dependence of the density. In virtue of this e is observed to 
decrease slowly, and in some temperature intervals remains constant and 
increases with increasing ¢, in contrast to the curve of o(/) (Figure 12.5), 
All the above functions to a large extent depend on the frequency of the 
alternating field in which the soil sample is situated. We proceed therefore 
to a more detailed study of this phenomenon, 


§ 4. FREQUENCY DEPENDENCE OF SOIL 
PERMITTIVITY 


As in the case of the electrical conductivity, one may introduce an index 
of frequency dispersion, v. A permittivity frequency-dispersion coefficient 
gives the relative departure of « in an ac field, [e(w)], from its value in adc 


field, [e(0)]: e (0) —e (w) 


32] 


For electrolytic systems, in particular soil solutions, there is anomalous 
frequency dispersion (see § 3 of Chapter XI), For low-concentration 


=) ao __ &(0) 
I= FT 7 = “Gro O) 


where t is the relaxation time of the electrolyte. For e(o) <e(0), v is 
positive for varying w and + inthe range 0<uwt<©; y(o) is given by 


v(0o) = 1— <4? = 0.052°Ve, , (12.17) 


where z and c, are the valence and concentration (g-mole/1) of the electrolyte. 
For dry soils, which may be described by a two-component model with 
solid particles packed in a cubical system, the following reasoning holds. 


Suppose that in each cubic cell, with complex admittance o,=06,+ ae and 


unit volume, there is a rectangular parallelepiped with complex admittance 


By == Oy + = and sides 1—/,, 1—h, 1-1, When ==, the average complex 


admittance is 


igo of (I~ 4") +0 —1) 0, 


o=a SS Se 
me 2 [1 —2, (1 —4,)?] o, + (1 —4,)? ol, 


(12,18) 


where o is the average electrical conductivity of the mineral particles at 
frequency w, and ¢« is the average permittivity of the mineral particles at 
that frequency. 


If the soil particles have only a capacitive susceptance 9,= — =i6,, and 


the interlayer only a conductance o,=0,, then 


— a f{1—( —4,)*Jo, + 11 — 1)? 8, Begahe (12.19) 


(en toy eihah rol. 


Expressing o in terms of its real and imaginary parts, the conductivity o 
and permittivity e at frequency » are 


[-0 -4y) [1-4 ay] 4 0 4)" 


pa : 12.20 
[1—2, 1)? of + (Ay 83h ( 
—e ee eel) (12.21) 

*fi—4 1— hy Port Fi — hy! 8 

For low porosities, when p=3),, the average values of o and e are 

fgg, (12,22) 

~~ O19? p83 

2 

a (12.23) 


== €&) —s>——53 - 
Got + pb, 


g22 


Thus, as w increases, the average electrical conductivity rises from 
o(0)=y, 2p to o(c~)=—9g, =, and the average permittivity then falls from 


[e(O)]J=e2. to zero. The frequency-dispersion coefficients for such a two- 
component system may be represented in the form 


— (ow? (Ss) @P (12.24) 


~2(ey+Sjer] [Sy +4) ey’ 


where the relaxation time t=e(0)/4n0(0) =3e:/8npo,. The same anomalous 
frequency dispersion at any frequencies will also be observed when the solid 
particles have only an effective electrical conductivity o.=o2, and the air 
layers only a capacitive susceptance o.=i5,. In this case 


ae (5*)? og +i [1 —(5*)? ] 5 
ag (i= 6") (5)? a, Fi [1 — 8 }? 5, ° aga) 


where 
6* = (1 — J). 
The formulas governing o and e are 


7 0,82 (8°)? (12.26) 
o = Gao yp ey a tfl—d—8) Oy Poe 
(8°)*(1 — 8") oF + [1+ (6°) ] [1 —G — 8°) (8°) 8? 


— Gaerere tasers ileal 


ee; 


In the limits w=0 and w=oo, 


0 (0) = 0; e (0) = ps 


[1 — (6*)] 


OD 81 Toy OT 


= 0, (6")° 
(0) = TI OFF 


The obtained frequency dependence of the permittivity is valid not only 
for the mineral part of soils, but for soil at field moisture as well. The 
decrease in e with increasing frequency follows from Debye's theory 


concerning the dispersion of a polar fluid at radio frequencies. Debye 
established a formula of the type r=f(w), where r is the index of refraction 


for radio waves: 
tf. J eter? en + ex? 
pat|i/ J en (12.28) 
Se [ [epee otet ], (12.29) 
ab 2 1+? T+? _ 


where k,, is the absorption coefficient and 


2 
1= a, OT, (12.30) 
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where t, 18 the relaxation time, & the permittivity of the polar fluid, and 

e the permittivity of the polar fluid at high frequencies. Soil containing 
water acts as a polar fluid, corresponding to which (according to Debye's 
formulas) r and e decrease with increasing frequency. There are numerous 
experiments confirming this fact, the first of which were carried out in the 
first decade of the 20th century, when high-frequency methods of investiyat- 
ing electrical parameters of colloidal and disperse systems were used. 
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FIGURE 12.6. Functions o() and e(@) for Indian soils: 


o —in cgs electrostatic units, 


Bairsto (/33/ of Chapter XI) reported that o and e« were first measured 
at high frequencies (920 Hz to 2.65 MHz) in 1912. Until then it had been 
known that at audio frequencies (up to 5 kHz) the electrical conductivity is 
related linearly to the frequency. Bairsto showed that owing to hysteresis 
and viscosity losses at high frequencies this linearity is upset. As regards 
the permittivity, the rate of its decrease at low frequencies becomes less 
with increasing frequency. These data were obtained by the resonance 
method, used by Ratcliffe and White (/35/ of Chapter XI) to study the 
electrical parameters of a number of English soils. 

The same authors used radio-frequency fields and an oscillograph to 
confirm Bairsto's conclusions regarding the frequency dependence of e. 
As regard o, a maximum was discovered at a certain w=2znv after which 
o began to decrease. Inthe 1930's a number of scientists proposed using 
the relation between the permittivity and moisture content of soils to find 
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a method of determining the moisture content of a soil sample in a plane 
capacitor under resonance conditions. This idea has subsequently been 
repeatedly examined and improved /10—12/. 

Smith- Rose (/37/ of Chapter XI) used the resonance method to study the 
influence of moisture content and frequency variation (at radio frequencies) 
on the electrical characteristics of soils and observed that the soil permit- 
tivity increases very rapidly as it is slowly moistened, Regarding the 
effect of frequency on o and e, no peak on the curve o=f[(o) was observed, 
in contrast to former experiments (/33, 34/ of Chapter XI). The author 
established that o increases slowly and w decreases Slowly as the frequency 
rises between 100 Hz and 10kHz. A very Serious contradiction with Debye's 
theory is found in experiments conducted in India during 1946. The curve 
e=/(w) (Figure 12.6) exhibits (in accordance with the theory) a decrease in 
¢ with increasing frequency. The curve was obtained for typical dry (W = 
= 2— 3%) and loose Indian soils. 


§ 5. PRINCIPLES OF MEASURING DIELECTRIC 
CHARACTERISTICS OF SOILS 


All methods of measuring the dielectric parameters of soils use a 
circuit with a sensor in the form of a capacitor filled with the soil under 
investigation, to which an alternating electric field is applied. 

The electric field affects the dielectric properties of soils, as of any 
dielectric, by polarizing elementary dipoles of the substance. The 
polarization process, i.e., the orientation of molecular and atomic dipoles 
along the field and their displacement, is very complicated due to the 
presence and superposition of the following effects: 

a) Electronic polarization, consisting in the displacement of the center 
of gravity of the system of electron shells relative to the nuclear charge, 
which occurs mainly in elastic dipoles. 

b) Ionic polarization, consisting in the displacement of ions of one sign 
relative to ions of the opposite sign, which is characteristic of ionic 
dielectrics. 

c) Dipolar polarization, consisting in the orientation of elastic dipoles 
in an external electric field. 

d) Structural polarization, due to displacement in small volumes of ions 
and dipoles weakly coupled to neighboring particles. 

e) Low-frequency, or interlayer, polarization, due to the formation 
within a crystal, or in sections adjacent to an electrode of space charges, 
and resulting in deviation of the field from a uniform state. 

Acting separately or in certain combinations, depending on the structure 
and state of the material, these factors cause a lagging internal microfield, 
which consists of the vector sum of the fields of the individual dipoles and 
opposes the external field, They also cause the formation of bound charges 
on dielectric surfaces adjacent to an electrode, and the appearance of a 
polarization current. 

The intensity of this current and its nature depend both on the dielectric 
and the frequency of the applied field. At frequencies corresponding to the 
visible and infrared spectrum, charging of the dielectric by electric and 
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ionic polarization is very fast. The resulting current, termed the reactive 
current I... is due to charging of the ''geometric' capacitance of the 
electrodes, i.e., the capacitance corresponding to the field of the electrodes 
in vacuum. 

Slow polarization, established by longer sections of the spectrum, up to 
radio frequencies (dipolar and structural polarization, and particularly 
interlayer polarization, which takes a long time to become established), is 
connected with the appearance of an absorption current /,,, whichdecreases 
in the course of minutes and hours. 

The total current / flowing through the material upon the application of an 
alternating voltage is made up Of I reac, / 4, and also the residual current 
(Ires) , Gue to the electrical conductivity of the material, and is independent 
of time. Thus 


f= Teact fart les: (12.31) 


In contrast to /,, and /,.,, whose flow is associated with substantial energy 
losses, manifested both in heating and in irreversible losses of a part of 
the field energy, the residual current is due only to the capacitance of the 
material. Thus, /,.=f(o); /as=f(e’); 1 =f(w). A more complete form of 
equation (12.31) is therefore 


Y =o+ oe" + ioe, (12.32) 
where Y is the complex admittance (i=Y—1, o—2ny). 


In physics the term "loss tangent’’ is used when estimating dielectric 
losses, and is given by 


(12.33) 


g++ we” 
WE 


tg = 


whence 
Y = oc tg 6+ ioe. (12,34) 


Since soil is a multiphase disperse system, different types of polarization 
may dominate in various situations, depending on the relative weight of the 
numerous operating factors. 

Thus, in moist soil subjected to an electric field there may be displace- 
ment of electrons, ions, polar molecules and electric double layers /13/. 
However, arise in the permittivity of a soil system due to these polarization 
mechanisms cannot yield e close to that of water. This is probably because 
the particles of the dispersed phase and the bound water do not participate 
in orientation phenomena, 

A particularly complicated situation may arise when circumstances are 
such as to cause an increase in the amount of bound water in the soil (and a 
consequent decrease in «), while other causes bring about simultaneously 
the development of electric double layers (and hence an increase in the 
total e), For this reason it is impossible to affirm without a detailed 
analysis whether, under the above circumstances, the addition to soil of 
a certain percentage of clay particles will result in an increase or decrease 
in the total e. 
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The dielectric losses in soils placed in an ac field are due, in contrast 
to dc conditions, to energy dissipation not only by direct conduction, but 
also to the possible presence of all or some of the enumerated types of 
slow polarization: ionic, structural, dipolar and interlayer. 


li iz Pip Pin 


FIGURE 12.7, Equivalent circuit of a complex polarized 


dielectric: 


Polarization capacitances: C,,—electronic; C;,,—ionic; 
C gip dipolar; C str structural; Cj,,—interlayer; Cy is 
the vacuum capacitance; Rion Re» Ryipand Rinrare 
the equivalent resistances for the respective polarizations, 
R is the resistance for the residual current. 


All the losses for such a complex system as soil can be represented 
by an equivalent circuit (Figure 12.7), where the corresponding resistances 


a b 


| F | ei = 


FIGURE 12.8, Simplified equivalent circuits: 


a—parallel circuit; b—series circuit. 


and capacitances in the polarization 
processes are denoted by Rion, R su, 
Rodis Rint , C ion, Caps C dips C ints and 
for the direct conduction by R and 
C (C consists of a capacitance CG, 
corresponding to the field of the 
electrodes in vacuum, and an 
electronic polarization capacitance 
Ce). In simplified form, this 
circuit usually consists ofa 
capacitance C connected in parallel 


(Figure 12.8a) or in series (Figure 12.8b) to a resistance R, which depends 
on the conduction of residual current between the electrodes. In these two 
versions R#R’ and C#C’ (C=C’ only for tg5<1, whereas in general C is 
related to C’ by the equation C’=C(1+tg’6)). 

The circuit shown in Figure 12.8b is preferable, since it includes, asa 
particular case, adc flow in the circuit and assumes, in accordance with 
the real conditions in the soil, a decrease in tgé with increasing frequency. 
The known parameters for this circuit are: 


a) Dielectric loss tangent: 


b) Resistance R’and R: 


(12,35) 


25, REO, (12.36) 


¢) Capacitance C’ (apparent capacitance): 


C=C (1+ tg?6). (12.37) 


d) Dielectric losses P duetoa voltage U: 


P= UC tg 6. (12.38) 
e) Impedance: 
R 
| ee R _ Ree Jarctg at 
R+ re I+ joRC 14+ jfoT YViI-or? ' (12.39) 


where T=RC is the time constant of the circuit's sensor. 


f) Impedance of the circuit when the reactance is negligible (i. ey <0; 


ofl; teo<1): 


g) Impedance of the circuit when the capacitive reactance is negligible 


(i. e., p>; oT >: tg5>>1): 
Tx. 


When the reactive component predominates over the resistive component 
of the total impedance, there is anincrease inthe frequency of the electric field. 

The total impedance of a soil-filled capacitor, which like any semi- 
conductor may have appreciable dielectric losses (tg 61), is not purely 
resistive. This fact determines the selection of the frequency, the ratio 
of the reactive to the resistive components of the impedance, and the 
relation between the electrophysical properties of the medium (o, «) and the 
capacitance (C) and resistance (R) of the capacitor (in the absence of a 


° . ° ° const € 
surface conduction current this relation is RC=—— ) 


When one uses the capacitance technique for studying the electrophysical 
properties of soil, the following facts should be borne in mind: 

a) Of the three soil phases— solid, gas, liquid—the first two exhibit 
negligible dielectric losses and low permittivity (3—12 in comparison with 
80) compared with the liquid phase. 

b) The permittivity of soil moisture depends only slightly on the 
composition and concentration of the electrolytes dissolved in it; this can 
be derived theoretically for ideal disperse systems such as emulsions and 
solutions of one fluid in another (oil, water, etc.) /14, 15/. Even for 
disperse systems with not too low a concentration of the dispersed phase 
in the form of conducting spheres, e does not depend on the concentration 
of salts in the water, the field frequency, or the degree-of dispersion /16/, 
On the other hand, for capillary-porous solids, such as foodstuffs, organic 
compounds and soils, the permittivity can be shown to depend on the salt 
content /17—19/. At the same time there is no doubt that above a certain 
frequency, the effect of the latter on measurements of e is smaller and 
that in comparison with the conductive capacitance technique it is less 
sensitive to variations in the chemical and biological properties of the material. 
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c) As pointed out, e of soils is a function of the moisture content and 
total porosity, and is only slightly dependent on the dimensions and shape 
of the granules of the material. 

d) For the sample filling a capacitor, in the case of large dielectric 
losses, it is convenient to use an alternating current of as high a frequency 
as possible, since C’--C. However, at very high frequencies (~10° Hz), 
Ewater GeCreases aS @ increases, and above a certain frequency range (10*— 
10° Hz) tg 6 increases for water. The best range of » for measuring the 
dielectric parameters of soils is 10°—108 Hz. 

An ideal calculation of e reduces to determining the quantity e=C/Co, 
namely, the ratio of the capacitance of the capacitor filled with soil to the 
capacitance of a vacuum capacitor. A realistic calculation should take into 
account the capacitance eC, of the sample filling the capacitor (where .e is 
the permittivity of the soil and C, is the capacitance of the air within the 
sample), the capacitance C,,, of the leads and insulation parts, i.e., of all 
the additional elements, and the capacitance Cege due to the curvature of 
the field lines at the edges of the capacitor plates, i.e., the edge capacitance. 

Thus, the total capacitance of the sample is 


C == eC, +C yas t+Ceage- (12.40) 


One would like to make C,,, and Cede constant for a given circuit.or calculate 
them by semiempirical formulas. Widely used is the technique of calibrating 
a capacitor filled with a standard, pure, chemically stable liquid or gas with 
a very low, known electrical conductivity (for example, benzene, ora 
mixture of dioxane and water) /20/. If C eage Cannot be made exactly constant 
and known, three-electrode capacitors with grounded outer electrodes are 
often used to reduce its effect /21/. 

A serious problem requiring a solution is that of packing the capacitor 
with the soil sample. Various methods are used: 1) arbitrary packing; 
2) self-compaction; 3) forced compaction of the sample. Berliner /22/ 
studied all the packing methods and showed that the first involved consider- 
able errors in capacitance measurements, and consequently in the values 
of e and tg 6, due to uncertainty in the sample configuration, An improve- 
ment can be achieved here by building a capacitive sensor in which more 
uniform and definite packing is produced by repeatedly dropping the sample 
container from a certain height. The best method for soils is probably that 
in which a constant weight of material is compacted to a given volume by a 
compacting load, drop hammer, vibration devices, or special bushings. 
Much work has gone into the design of special probes for measuring the 
capacitance of natural-configuration soils /23, 24/. 


§ 6. CIRCUITS USED FOR MEASURING THE 
DIELECTRIC CHARACTERISTICS OF SOILS 


The equivalent line diagram used in ac conditions and its corresponding 
equivalent parallel circuit (Figures 12.9a and b) is used widely. The 
capacitance C, and resistance R, of the capacitor with the sample (sensor) 
characterize the permittivity and dielectric losses of the sensor, and Cy 
is a constant representing the capacitance due to the dielectric properties 
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of the container walls and related to the conductance. Denoting the 
admittance, conductance and susceptance of the equivalent circuit by y 


eq 3 


G., and B,,, respectively (Ae Guz): we obtain for parallel connection 


l ] 


=— ote (12.41) 
— G 0'C. — IG 00) + JG ,0Cy 
a GE oieckGy "Ga s(G, ey (12.42) 
G,w°C? 
=~ TH GTO (12.43) 
C= Gly + 0°CC,(Cyo+C,) 
eq @+a(C+C,P (12.44) 


The value G, of the sensor conductance affects the values of the conductive 
and susceptive components. Thus, as G, increases, G,, passes through a 
maximum whose position depends on the field frequency, and tends to C, as 
G,->00. 

For the equivalent series circuit we have the following relations for the 
dielectric loss tangent tg 6. of the sensor, loss tangent tg 6., of the equivalent 


circuit, ratio 2 yeaand ratio |Z,|/\|Z)| of the modulus of the impendance of the 


sensor to that of the series capacitor, which is an approximate sensitivity 
characteristic: 


Gy 


gb. = Ger (12.45) 
G,oC G 
en en! ol 
tg eq G2 +0C,(Cyo+C,) Bs (12.46) 
Ly eed eee (12.47) 
gd. 1+ oe as Calg by 


Z V 1+07R2C? C. 
> GR eV re oe (12.48) 


These formulas show that: a) the circuit with the series capacitance 
has a smaller dielectric loss tangent than the capacitor with the sample: 
b) as tg 6, increases, tg 5.4 decreases 


a ; : b . for ao —1! and —_ only slightly 
rT Toy for G =1-2; asc increases, the 
measurement Sensitivity decreases 
Ry Le linearly. 


Consider now some circuits used 
to study soil. 

I. First we turn to those which 
determine e and tg 6 of the capacitor with soil sample as complex quantities 
without separation into resistive and reactive components. Most common 
are resonance circuits operating at high frequency, which enable small 


FIGURE 12.9. Equivalent circuits, 
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capacitances (of the order of several picofarads) ico be measured quite 
accurately. Such capacitances are typical for soil samples, and these 
circuits involve lower dielectric losses in the material. 

some of the numerous resonance systems will be described. 

1, Resonance and equivalent circuits in an oscillatory circuit. 
Figure 12.10 shows a circuit of this kind. The high-frequency oscillator 
O is inductively coupled to the 
oscillatory circuit. The latter consists 
of an inductance L and parallel- 
connected variable capacitor Cy, and 
pickup (C, and R,). This circuit is 
tuned by Cys; to resonance at the 
FIGURE 12.10, Circuit for measuring e by the oscillator frequency, and the resonance 
resonance and equivalent method. is found either from the maximum 

current (the reading of the ammeter 

in the nonbranching part of the circuit), or from the maximum voltage U,x 
across the capacitor (the reading of the voltmeter V). 

In the first case, with certain assumptions (constant amplitude and 
frequency of the oscillators, Rr—0)the circuit impendence is 


R CR? | 
Z ; +I (ot ana) (12.49) 


~ Tt wrCR 1 wCPR? 
the absolute value of the current in the circuit is: 


|F| 


R? wC R® VA 


(12.50) 
(1 + «°C?R2) +{u! 1+ @’C?R? 


I 


iC; ), the total circuit 


From the resonance conditions (4 =0 and w=? = 


capacitance is 


C= Cy + Cy Col 1 + pe) = Oo(1 +), (12.51) 


CR R, 


where E is the emf in the circuit; Cy and mw) are the capacitance and 
frequency for no losses in the circuit. Inthe presence of losses, maximum 
I is reached at increased capacitances, the maxima becoming indefinite and 
flattened out. 

For the case of voltage resonance in the parallel circuit, the capacitance 
corresponding to resonance is independent of the losses (although the voltage 
amplitude decreases with increasing losses), The voltage across the 
capacitor C, is 


U, = —— 4 2.5 
: re 5 (12.52) 
R. 


and the resonance conditions are 


dB 1 
—— —)0, ® = —_—_ ,, C=C. 
dC VLC : 


2. Circuits with a frequency discriminator. The capacitor containing 
the soil is connected to the oscillatory circuit of the oscillator, so modifying 
the oscillation frequency of the latter. 
These changes are recorded by a frequency 
discriminator, which transforms the 
frequency modulations into amplitude 
modulations and performs amplitude 
detection. Such a device provides a 
constant voltage at the output and thereby 
an estimate and indication of the frequency 
drift. This provides high-sensitivity 
measurement of small capacitances. 

An example of a circuit with two 
identical coupled circuits, tuned to the 
fundamental frequency @, 1S Shown in 
Figure 12.lla. At the output of the 
discriminator, the difference between 
the two rectified voltages, separated by 
diodes D, and D, across resistors R; and 
R., 18 equal to 


TABLE 12.11. Basic circuit (a) and prin- 
cipal characteristics (b) of a frequency 


ie eee where U, is the voltage of the first 
discriminator. 


circuit; 6 is the cutoff angle of the diode 
detector (cos8=1); following /25/ (a) is 


equal to 
» (a) — VEE Fe — VA EF (12.54) 
2V1i+a 
4 2 
P=hQ, k=T = Q 


L, is the inductance of the first circuit, M is the mutual inductance of the 
circuits, Q, is the Q-factor of the second circuit, Q is the Q-factor of the 
whole circuit, Aw=a—@, o is the oscillator frequency, mw) is the resonance 
frequency of the circuit. Figure 12.11b gives the principal characteristics 
of the discriminator, which operates on the linear section of the curve AA’, 
Measures are usually taken against upsetting the dependence of U; (and 
consequently also of U,,,) on detuning of the oscillator; these measures are 
achieved by tube limiters and rationalization of the oscillator circuit /26/. 


The sensitivity of the method and the steepness of the curve U,,, =f (xe) 


are increased by reducing f, increasing Wo, etc. 

3, Circuits using the principle of stopping the oscillations. They contain 
a tube oscillator with a quartz plate. The latter is connected in the grid 
circuit. The circuit thus consists of two circuits: the grid circuit and the 
plate circuit coupled to it through the interelectrode capacitance. Fora 
small decrease in the capacitance of the plate circuit, the plate and grid 
currents vary in sharp jumps AB and A’B’ at the moment the oscillations 
cease (see Figure 12.12) /23, 27—29/. 
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4. Circuits based on the beat method. This method is very accurate 
and sensitive, and consists in comparing the oscillation frequencies of two 
tubes of high-frequency oscillators, one of which 
has a constant frequency, and the other a frequency 
depending on the capacitance of the capacitor filled 
with the sample (connected in the plate or grid 
circuit), The total oscillations formed in the mixer 
circuit are beats whose frequency is equal to the 
difference between the frequencies of the two 
oscillators. These frequencies are measured by 
a frequency meter or on an electron-tube tuning 
indicator. The oscillators use, for example, a 
quartz-stabilized triode, the oscillatory part of 
FIGURE 12.12, Plate (/,) and the tube /23, 30, 31/. 
grid (Jy) currents vs, capacitance 09. Differential circuits are used to a certain 
C of the oscillatory circuit, extent. Alternating current througi: a control 

rectifier feeds two circuits, of which one contains 
the capacitance being measured, and the other 
a standard capacitor. The difference in voltages across the two branches 
is measured by a tube voltmeter. The plate voltage is regulated and the 
filament voltage stabilized by a barretter. A number of such circuits is 
considered in /27, 31, 32/, 

6. Circuits with semiconductor triodes operate at frequencies 1—10 MHz. 
Circuits of this type are developed in /33, 34/ and consist of a high- 
frequency oscillator with a semiconductor triode (1) (Figure 12.13) which 
has an oscillatory circuit (2) in the base-emitter circuit and an oscillatory 
circuit (3) with the capacitor (4) filled with the sample in the collector 
circuit. The measuring instrument (7) is connected between the fixed 
resistor (6) and the potentiometer (5), which serves for tuning both circuits 
to resonance. When Soil is introduced into the capacitor sensor, resonance 
is upset. In /34/ the high-frequency oscillator (using PIE triodes) feeds 
a bridge to whose output a three-stage amplifier (using P6B and P6G 
triodes) is connected. 


FIGURE 12,13, Capacitive sensor using a 
semiconductor triode. 


333 


II. We give now a short description of methods in which the impedance 
components, namely reactance and resistance, are measured Separately. 
This approach is more suitable and more frequently applied to soils, since 
such measurements cover a wider range of materials with far higher 
dielectric losses, Even more important 
is the fact that the chemical composition 
and concentration of electrolytic soil 
solutions affect the results to a lesser 
degree than in the methods of I. 

1. Bridge circuits make it possible to 
determine both the absolute value and vhase 
of the sensor impedance and its components. 
In these high-frequency circuits use is 
made of bridges one of whose arms is a 
tube oscillator with an oscillatory circuit 
including the capacitance to be measured. 
The complexity of the circuit, the presence 
FIGURE 12.14, Basic circuit of a T-bridge of leakages and stray couplings, the 
used for measuring small impedances. difficulties of bringing the circuit to a state 

of balance, which is possible in the case 

of strictly sinusoidal supply voltages and 

so on, led to the development of what are 
known as T-bridges. These consist of four-pole T-networks, in which the 
difficulties connected with shielding and grounding the circuit elements have 
been eliminated to some extent. 

In Figure 12.14 two four-pole T-networks I and II are fed from a high- 
frequency oscillator O and have an indicator showing equality of the 
impedances of the two circuits. The bridge is balanced twice, when the 
material is included and not included in the oscillatory circuit. The 
capacitance and resistance of the latter is calculated from 


C,=AC, 


C const 
Re = GIG C,R BC yg FMC ang’ (12.55) 
The capacitances AC and AC,,, of the two variable capacitors C and Cag have 
to be measured. 

2. Resonance circuits using an equivalent circuit. The essence of the 
matter is that the variable resistor and fixed resistor connected in the 
resonance circuit are balanced by an equivalent circuit in the Same manner 
as in the methods of I. One such circuit is shown in Figure 12.15. The 
two-way switch S$ in position 1 introduces the sensor (C,, R,) and a variable 
C; into the resonance circuit connected to a high-frequency oscillator, and 
in position 2 a variable resistor R and capacitor C, are introduced. Both 
positions correspond to resonance. The introduction of a sample disturbs 
the resonance, and for its restoration C, must be varied by AC, in position 1, 
and C, by AC; in position 2. These two succesive measurements give the 
required capacitance AC,=AC,—AC,. 

In Figure 12,15b the resistance r depends on the input resistance R inp 
of the diode used as load, which is introduced in the circuit to avoid the 
need to use purely resistant variable resistors, free of inductance or 
capacitance, 
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FIGURE 12.15. Basic circuits: 


a—~measurement of resonance circuit with a variable capacitor; 
b—tube diode as a variable resistor. 


3. Oscillographic methods of measuring tg 8. As already pointed out, 
a soil sample affects the current not only as a resistance, but as a reactance 
as well. One current component is therefore equal to 


| re 0 SP (12,56) 
and the second component, the displacement current, is equal to 
te dE 
! aisp =e ae’ (12.57) 


where E is the high-frequency field. The angle 9, which characterizes the 


current lag relative to the field, can be found from the condition tgg= aa 

reac 
The soil capacitor may be replaced by a capacitor containing a dielectric 
with permittivity « and connected in parallel toaresistance R. The effective 


value of R is R= a where C,= = is the geometric capacitance without 


soil, and C, is the effective capacitance of the capacitor containing the 
sample. Hence 


igo= = RoC =e. (12.58) 
Cc 
ex. (12.59) 


Thus, the value of e can be found by measuring tg g. The latter can be 
performed in various ways, for example by oscillography and recording 
the attenuation factor of the electric oscillations. 

The oscillographic method reduces to the following. If a soil capacitor 
with capacitance C, is connected in series to an auxiliary capacitance Cy, 
and an alternating current is passed through the system, then from the 
vector diagram (Figure 12.16) describing this system it follows that 


_ tdisp__ ee Oe 
ae aa Rw s= nC ~ 4x0 ° (12.60) 
Hence 
e = AUES — do cigs, (12.61) 
where 
P= >5—8. (12.62) 


335 


If the circuit has an ac supply /...=/)siné and we use the fact that 


ee I 7 Fre ae fy sind 


=e_e_ 


4nC, Es  4nCyE,’ 


and 


Es 


Tt aC, and E, = ORC, sind. 


The effective values of the electrical conductivity and permittivity of the 
Sample are given by 


oC,sind E, v C 


—_ Semple ies et, poeta 2.63 

C= ESTs sind (12.63) 
4no ctg 6 Cy E, 

Ee = x = CSO (12.64) 


where £, and E, can be found from the oscillogram of the traced ellipse; 

E, and E, are directed along the x and y axes. If 4, is the major axis and 
ly the minor axis of the ellipse, and A, and A, the values of EF, and E,, then 
sind=4l,/A,A,. This direct determination from the oscillogram of the 
quantities being measured is an undoubted convenience of the method. 


Loisp 


FIGURE 12,16, Vector diagram FIGURE 12.17, Basic circuit of an oscillo- 
for determining e€ and tg 6. graphic device for measuring e and tg 6. 


The value of « thus measured is the effective value of the soil sample 
permittivity. It can be related to the true value e,,. of the permittivity, 
which is found by calculation. Let us form a circuit of the capacitor C, 
containing the soil, and series R and parallel r resistances, Then 


pi l _ 4n0C, 
wC?R aC? 
ee 12.65) 
ruc” 0 4) eo et ae 
] C- 40 
+ o'r 5 Mt sae 
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The quantity € tue is calculated from direct measurements of the effective 
values of « and o. Well-based relations follow from simple considerations. 
The current intensity through the soil capacitor is found by dividing the 
potential difference Ue’*" by the sum of the series impedances (resistive R 
and capacitive 1|/jwC; ) of the capacitor, i.e., 


: 2 
a ee MI caa, OL ae 
R-+ jol, 1+o°C?R? = 1 +. w°C2R” 


The complex form of this is 


i= a [e‘C Ve/o"| = jo (e — Z\ Cy Uele. 


Such a circuit is described in /35/ and shown in Figure 12.17. Two 
symmetrical circuits fed from a high-frequency oscillator (v = 1 MHz) are 
tuned to the same frequency, and a straight line is obtained on the 
oscillograph screen corresponding to zero phase difference between the 
two voltages. The capacitance of the capacitor with the sample is found 
by the equivalence method from the readings C,.,4 of the capacitor. The 
slope angle of the straight line on the oscillograph screen is a function of 
tg 6 calibrated in advance. Oscillographic versions with double phase 
inverters Should be mentioned. 

4. Determination of tg 5 from the attenuation of radio frequencies in 
a soil sample. Consider a circuit including a capacitor C;, a variable air 
capacitor C, and, finally, a capacitor C, which is connected in series to 
C,. A simple calculation gives the attenuation decrement as 


ga TR (Ca— Co) _ (Ca — ©) 
o 2 CG, ~~ 2 (c . sGiCan \ ) 
Sy ies ea 


Here C,, C, and C, are the capacitances at resonance and on both sides of 
the resonance, i.e., at precisely symmetrical points where the current is 
1/V2 times the resonance value. First C, is tuned to resonance without the 
soil capacitor, then C; is connected in series with C, and the circuit is 
again tuned to resonance, yielding 


Thus, 
Law 2C ; 
7 C= C 0) [Cp = ] 
and e (12.66) 
2 R 1 
C5 (Cy + C,) 


where the shunting resistance R is equivalent to the resistance r, whichis 
connected in series to the oscillatory circuit, so that 


PaORC+ ere] | 


r 
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This method was used by Ratcliffe and White at the medium frequencies 
0.2:10 °—5-10 °Hz. The method is less accurate at both low frequencies, 
where itis difficult to obtaina sharp resonance curve, and at high frequencies, 
where AC and C, become small. 

Suppose a wave propagates in soil along the line x from some point x=0, 
where the voltage is U). At any point x the voltage due to wave attenuationis 


LP Ue %* JB) « 
Xx i) 


where a and 6 are the wave attenuation factors, From the theory of 
oscillations it is known that B=w VLC for air, and the standing wavelength 


2 e e e ° ° ° 

,_=—= 4"___, For a medium with permittivity e, the standing wavelength 
B BY LC 

is As and 


da VLEC i: faa \? 
he Vic ' wnence e=(54] . a 


S 


a“ 


This is the situation with an ideal dielectric whose leakage coefficient g=0. 
For a conducting medium with electrical conductivity o, the leakage 
coefficient g=4noC, and a and £ are given by 


c= = WLC (e’ —e) » b=V + LC (e’ +8) 


where 


since wLC= (2), a and B can be written in the simpler form 


ooo 


2m e’ —E 2m e’ +e 
a= =. ’ p=)5 V as ) 


“a 


and 
2m 2 4 
ME a eae 


the conductivity and permittivity will be given by the expressions 


eas) — (12.67a) 
avaz awa? 
re QnA, 402A,” (12.67b) 


Thus, measurements of 4, and A, are sufficient to determine the attenuation 
factor a. 

Experimental determination of a was performed in /40/ of Chapter XI. 
A conductor was placed in a box 1.2m long, 15—20cm wide and 20—25cm 
high, and A, and A, were measured first in air, and then in the soil-filled 
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box. The resonance curve was plotted and a hence determined. In this 
way Debye's formulas were confirmed. 

5. The Q-meter principle is of interest when determining e« andtg 6. 
The method considered here was developed by Netushil /21/ and modified 
by Avaev /36/, and employs a special capacitor 
with a parallel-connected Q@-meter. The gap 
vetween the electrodes is maintained with the aid 
of spacers or a frame made of an insulating 
nonhygroscopic and mechanically strong material. 
This introduces a certain capacitance, as well as 
another capacitance between the ungrounded 
electrodes and the chassis of the Q-meter. Instead 
of calculating all these capacitances, they are 
combined into a single ballast capacitance whose 
magnitude is measured. 


FIGURE 12.18. Equivalent cir- Figure 12.18 shows the equivalent circuit of the 
cuit of a measuring capacitor measuring capacitor. Here C,, is the capacitance 
(based on the principle of the of the tested material, Cp,.; is the ballast capacitance, 
parallel Q-mete?). Rpx and Rp, are the resistances of the material and 


ballast load. The determination of e and tg 6, 
requires the following three measurements of the quality factor Q and the 
capacitance C: 

a) with the measuring capacitor disconnected and the Q-meter tuned to 
zero frequency (Q, and C,); 

b) with the Q-meter connected (for the parallel circuit) to the terminals 
of the measuring capacitor with the spacers, but without the soil sample 
(Qe and C, je 

c) with the measuring capacitor filled with the sample (Q, and C3). This 
yields the following results: 

1) the capacitance of the empty measuring capacitor with the spacers 
C pempty = C;— C2; 

2) the Q-factor of the empty measuring capacitor 


Q Q , 
Qempry= (Cy an Cy) Ce ens ’ 


3) the capacitance of the filled measuring capacitor (with the spacers 
and sample) 


Coan = Ci — Css 
4) the Q-factor of the filled capacitor 


Q an = (C1 — eC) C, se Q,° 


The capacitance Cpempy of the empty measuring capacitor may be 
represented as the sum of twoterms: the ballast capacitance C,,,,, and 
the capacitance of the part of the capacitor which is filled with material. 
In the calculation of the latter quantity, it is assumed that 


__ 0.0889 
pPtheo ay 


Sys 
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where S, and a, are the area and thickness of the material. The capacitance 
due to the material is 


€ nx = Gi fill C, bal — Cy ~~ Cy te Cc, theo‘ 


If S (cm?) is the area of the material, d (cm) is the thickness of the layer, 
R, and C, are the resistance (ohm) and capacitance (pf) in the parallel 
circuit, and v is the frequency in MHz, then Q=6.28-107® wR,C,, and 


= 159 000 Q empty 

p bal aot ae 
159000 Q5 Roe Rp bal 

Pr  Cogn¥ Rox t+ Roba’ 

R= Rana Reva 159 000 Ogi Qempry 

Px Rp bai — Ro fit v viieaey ea) (12.68) 
_ es p fill — “p bal 
Q, = 6.28 10-VR,,Cy» Cn — Soe | , 
Qin Q empty 
tg6,= ss 


= coats ta (eA). 


The described circuit works for relatively small values of tg 6s, but for 
large values the Q-meter in the parallel circuit becomes unreliable and 
an alternative version of the circuit (Figure 12.19), proposed by Netushil, 
must be used, Here, too, three measurements are necesSary: 

a) Q, and C, are found with the Q-meter tuned to the resonant measure- 
ment frequency; b) Q, and C, are found with an additional measuring 
capacitor connected to the Q-meter; c) Q,; and C; are found with additional 
and measuring capacitors connected in series to the @-meter. Then 
Cp ad= Ci —C,, and 


Q Q 
Q waa C, add Ce Q, =O; ’ Cyst = Ci 7 C., 


The above expressions are converted to the required quantities Cp, and 
Q, by the following transformations: 

a) conversion of the parallel equivalent circuit of the system into a 
series one (Figure 12.20, a) according to the formulas 


2 
C _. C l + Q syst 
S$ syst ~ “ p syst 2 p 
syst 
R as R, syst 7 
S$ syst ~~ 9  ? 
’ I+ Qyyst 


b) conversion of the series equivalent circuit of the additional capacitor 
into a parallel one (Figure 12.20,b) according to the formulas 


2 
C rey C i a Qidd R oe R, add 
sadd— “padd Q? ' sada AO, 
add add 


since i 
_ GsmeasCs aad 
C R. syst 


» syst Coens Cs one ’ I Remeast R. tdd’ 


we obtain 


Cs syst Cs 
2 es { TS add ee - 
smeas J (- , R, meas R, syst R, add! 


“Sada “S syst 


159 000 
Q = 


meas ’ 
VRsmeas@ se mpty 


c) conversion of the series equivalent circuit of the measuring capacitor 
into a parallel one according to the formulas 


9 
C, meas Q meas 


C _— “ny ’ 
uae Core 
2 
Ry meas Reaead | + CD iriéas ). 


Since 


C, meas C, bal +- Coy 


and 


R = Rp balpx 
pmeas”— R, bal t Rpx ’ 


we obtain 
C 


R me R, meas Rp, bal 
a ee ee eee , 
pe Ry bal — Romeas 


. 
pier C pmeas— Cy bal? 


Q _—— C, meas _ Cp bal 
x C, nial Oieae > Cy, bal /Q empty 


whence the required «x and tg 6 are obtained. 


FIGURE 12.19. Circuit of the meas- FIGURE 12,20. Conversion of a parallel 
uring and additional capacitors. equivalent circuit of a system into a series 
one (a) and conversely (b). 
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6. The possibility of determining ¢ and tg 6 for polar dielectrics follows 
directly from the Clausius-Mosotti equation. In an alternating field when 
orientation polarization is taken into account, this equation has the form /37/ 


e—Il w  4n (m,)? I 
Es = (e+ 3k Toyar) (12.69) 


w is the molecular weight, M, is the dipole moment, N is the Avogadro 
number, ep is the density of the dielectric, w» is the angular frequency of 
the alternating current, and 1 is the relaxation time of the dipoles. When 
the permittivities e) at constant frequency and «. at infinite frequency are 
substituted in this equation, we obtain the following two expressions for 

e and tg 6 of a polar dielectric placed in an alternating electric field: 


ee ee (12.70) 
] (2) ore 
(60 — 85.) (SES) on 

eae ee oa Uae (12.71) 


These formulas have been successfully used in the study of electrophysical 
materials and amorphous materials (in particular, rubbers), but have not 
yet been applied to soils. 
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Chapter XIII 


ELECTROOSMOTIC PROCESSES 


§ 1. ELECTROOSMOTIC LIQUID FLOW 


In Chapter II, we considered the formation of diffuse ion clouds near 
charged surfaces in an electrolyte solution; a feature of these clouds is 
the inequality of anion and cation charges per unit volume of the solution. 
The presence of a space charge in the liquid phase near surfaces causes 
the appearance of bulk forces in the direction of the external electric field. 
If a porous system is open, and its matrix, which carries charge on the 
surfaces, is fixed in space, then under the effect of an external electric 
field the solution moves with respect to it, creating a continuous electro- 
osmotic flow. 

Electroosmosis was first observed by Reuss /1/, thorough investigations 
being conducted much later /2, 3/, The theory of electroosmosis was 
developed by Helmholtz /4/, Perrin and particularly Smoluchowski /6/. 

The bulk force due to an external electric field is 


F = 0, (13.1) 
and consequently, the Navier-Stokes equation may be written as 


d?y 


pE =a» (13.2) 


where E is the gradient of the external potential, 9 is the charge density, 
u is the viscosity coefficient, and <= is the derivative of the velocity along 


the normal to it. 
If the expression for 9 given by the Poisson equation is substituted in 
(13.2), then 


ae (133) 
which relates the charge density to the potential ». Hence 

dy DE dy (13.4) 

dx? sd am:—sid x? ? 


where Dis the dielectric coefficient, 
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Equation (13.4) is subject to the following boundary conditions: 


2G, ae (13.5) 
beyond the limits of the diffuse layer; 
v=0, p= (13.6) 
at the boundary separating the liquid and the solid; ¢ is the potential at this 


boundary, termed electrokinetic potential or €-potential. 
Integration of (13.4) yields 


du DE daw 
Tae aa ae (13.7) 
DE 
U= Tey VTC ix + Cy (13.8) 


When boundary conditions (13.5) and (13.6) are applied we find 


DE 
C, =— 0, Cy = 4m Gs 


The electroosmotic velocity at the limits of the diffuse ion layer, where 


p=0, (13.9) 
is given by 
DE 
VE= Tuy © (13.10) 


In terms of the notation Kp= pe this expression reduces to 


Up =K,E. (13.11) 


40 864.6 0 
FIGURE 13.1, The electroosmosis coefficient K,.vs. (small) E 
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The electroosmotic flow of some liquids through narrow-pore filters and 
soils indicated departures from this law both for small and large values of 
E, in that the electroosmosis coefficient Ke was not constant for all E /5/ 
(Figure 13.1), 

The observed departures of the electroosmotic flow from the Helmholtz— 
Perrin —Smoluchowski description are identical to the anomalies displayed 
in pressure Seepage. 


§ 2, ELFCTROOSMOTIC FLOW OF VISCOPLASTIC 
LIQUIDS ALLOWING FOR THE SPECIAL PROPERTIES 
OF BOUNDARY PHASES 


General electroosmotic movement of a Bingham liquid along a plane 
surface was considered in /7/. It was assumed there that the bulk liquid 
is characterized by viscosity m1, shear strength to and dielectric constant 


D,. The Debye thickness of the ion cloud for this region is d, = —, 
The values of ws, to, D. and x. were measured for a hydration layer of 
thickness 6 (Figure 13.2). Henceforth subscripts 1 refer to region I and 


2 to region II for all quantities. 


2 G2 0} Y; 
| ra By, DX % 


FIGURE 13,2, Velocity profile and potential curve for a Bingham liquid in the presence 
of boundary phases. 


For values of the gradient of the external potential smaller than some 
critical value E.,, the liquid moves under the bulk force X=pE (where p is 
the volume density of the charge) between the planes K—K (Figure 13.2), 
at the boundary of which u(x) =0. 

When E>E,,, the resistance to shear of the boundary layer is overcome 
and the total discharge Q of the electroosmotically transported fluid (per 
unit pore width) is given by 


Q=Q,+Q, (13.12) 
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where 
ff 


2 ‘ 
Q)=2 | V(X) Ax + UHH, (13.13) 
Ho, 


2 
Ay 
2 
Qo=2 | v2 (x)dx + Uoghlep. (13.14) 
Fos 


2 


The potential p of the electric double layer in both regions satisfies the 
Poisson equation 


x2 Dp ?P: (13.15) 


Combining this with the Navier— Stokes equation 


2 
Fou du 


dx? 


and using the fact that F=pE, we write for region I 


DE a, d2y, 


EO as, OD. (13.16) 


This equation is subject to the following boundary conditions (Figure 13.2) 


xatfo, M_o MoaH+A, (13.17) 
xt, 1=0, p=o 


(13.18) 


The size Hy of the core in which the liquid moves at the same velocity 
can be obtained from the equilibrium condition of a liquid volume element 


subjected to the bulk electric force and shearing stresses arising at the 
shear areas: 


Hor 


2 
0 


If the liquid in region I does not possess a shear strength, (13.17) should 
be replaced by the conditions 


x=0, OU Lg. ay = 0 


“i (13.20) 
The movement of liquid in region II is determined by the equation 


= DE db» _ du, 
4n dx? gy? 


(13.21) 
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which must satisfy the following boundary conditions: 


H 

ratte, Moo, Hosa, (13.22) 
H 

x=is, tp, = G, Uy = 0. (13.23) 


The size Ho of the core can be determined from the equation 


He Hy 
2 


To | pE dx | 0,E dx. (13.24) 
0 


2 


Integration of (13.16) subject to (13.17) and (13.18) yields the following 
equation for the velocity w(x): 


n(x)= ge [G+ Ai (3+— —x)—,(0)]. (13,25) 


The velocity vp, is derived by substituting + “a1 for x in (13.25): 


MW = ee [o + A (St — 2) — 9 (Ho. (13.26) 


Let the potential and its second derivative be: 


W, (*) = i (pe me x), (13.27) 
a? ‘ 
a =F (74 » HH), x). (13.28) 


When the expressions for u(x) and vy, given by (13.25) and (13.26), are 
used in (13.13), we have after integration 


Qy = Be | GH + GE (Ht A) + Ho. [F (AGRE My 81) — bod] —F (FEFE. mB) A} 
(13.29) 


where & denotes some value of x in the interval (= 3) 


To determine Hq, 91 is replaced in (13,19) by its value from the Poisson 


equation OMA ae — Integrating (13.19) and using (13.28), we have 
D,E H 
en pt F (BR, m,n) =o (13.30) 
whence 
Hoy Anto1 (13.31) 


2 ze 
D,EF (7eRe, %, a] 
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Let us now find an expression for the velocity of the second region. For 
this, we integrate (13.21) subject to (13.22) and (13.23): 


4 is some value of x in the interval (0, =). 


v(x) = pe [e+ Ar (4 —«)— —,(«)]. (13,32) 


U2 == 


Be ai [b+ Ao (F — 32) — (Ha). (13.33) 


Functions (13.27) and (13.28) for region II assume the forms 


Wo (0) =F (AFP, me x), (13.34) 
d*bs fo 
dx =F (=p » HX), x), (13.35) 


Substituting the values of v2(x) and vp, from (13.32) and (13.33) in (13.14), 
integration yields 


Q1= 2 [tots +4 (Hi — Hin) ~ a (Ha — Hor) — (Hee) Hoo], (13.36) 


a 


where we introduce the notation a=} (+7 ak ; 


the interval (= 2), 


Ho; E>), —& being some value of x in 


When E<E,, and the resistance to shear of the boundary layer is not 
overcome, the liquid movement takes place between the planes K—K 
(Figure 13.2), One should bear in mind here that 


H,—-> AH y».— Ay, (13.37) 
Go > (190) > &. (13.38) 
If these latter conditions are observed, (13.14) implies that Q.=0. 
The size Hy» of the core is determined from the solution of equation 
(13.24), where the values of p; and p2 are obtained from the Poisson equation: 
ly Fy 


2 2 
To = | DE a, ax+ DE ay (13.39) 


4n ax? 4n dx? 


2 


Expression (13.39) can be integrated, and with the aid of (13.28) and 
(13.35) yields 


p= (Se — 4+) F, (ee , Ho, ha) pg “yt F, (2h ys au). (13.40) 
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Hence 


Pp 
Hy y=sz-4 (13.41) 
where 
BAT o> 
1 
DaF( AEE, xo, Ae] (13.42) 
Dip | Sie ay 
/ 
G==11, kl aa i . (13.43) 
DoF, | oF » Xo, ha] 


The electroosmosis coefficient, defined by the expression Ke= sz, is 
derived (using (13.12)—(13.14)) in the form 
Kp=0—— +> (13 44) 
where 
A 
= Fars [oh + ee mb) Mi] + 
Aloo 
+ Gas [be + (He — J a(t t A) + 2G gl. (13.45) 
4A nt, D, A, 
1= ew (eh: 7 ae (13.46) 
piHtaD iF? (AER, 2] 
_ 4A nti, Zep, | D,P_[ Aq 
v= witteF?D, (2842 | 54, a1) = hi) i ( ae t,] — tb (F191) +a5-|3 +a + (Ho)). 


(13.47) 


The constants 6, n and v characterize the electric and viscoplastic 
properties of the system. Since the shape of the pores in soils is quite 
different from that under consideration, the obtained solutions should be 
regarded as an approximation when applied to real systems, 

In the particular case t=t2=0, (13.44) gives the well-known expression 


Dg 


Ke= 4ny 


Figure 13.3 /7/ gives a plot of the electroosmosis coefficient for some 
values of the gradient of the potential, based on equation (13.44) (the 
constants 0, yn and v were determined from three experimental points). 

The remaining experimental points were obtained by studying electroosmotic 
flow through a sample of a Devonian clay reduced to a paste-like state with 
a moisture content of W=33%. The apparatus used is shown in Figure 13.4; 
Spirals of platinum wire were used as electrodes, 

In a number of experiments ceramic plugs were used aS a narrow- pore 
filter. The relation Kz=/f(£) obtained in these experiments is similar to 
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that obtained for clay soils (an instrument witha horizontal tube (Figure 13.5) 
was uSed in these experiments), 


0) 50 70 9 NO = 80 i150 10s 


FIGURE 13.3, Electroosmosis coefficient A, vs, (large) E. 


J 

= = 4 
FIGURE 13.4. Apparatus for studying electro- FIGURE 13,5. Instrument for electro- 
osmotic flow: osmosis observations: 
1— pressure head tank; 2—brass sample-holder; E, and £, are the electrodes; P is the 
3—emulsion; 4—measuring tube. sample. 


For a potential difference between the electrodes of more than 170v, 
the study of electroosmosis is complicated by the release of gas bubbles 
in the space near the electrodes. 

In our experiments, the thickness of the compacted soil (at pressures 
up to 2kg/cm’) before the measurements varied from 5 to 10mm. 


§ 3. BULK FORCES ACTING ON THE SOIL IN 
ELECT ROOSMOSIS 


In electroosmosis solid particles are acted upon by viscous forces, 
normal forces determined by the pressure in the liquid, and electroosmotic 
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forces. The sum of all these forces represent the magnitude S of the bulk 
forces per unit volume in the presence of a constant electric field. 

The water contained in unit soil volume is acted upon by a force T, which 
is equal in magnitude to S, but opposite in Sign. 

The force T is composed of friction forces and normal pressure forces, 
due to the particles acting on the water, and electroosmotic forces,. equal 
in magnitude to the electrophoretic forces. 

Consequently, S=in+it+2Zf/, T=—XIn—Ur+LZe. However, Se= —zj; hence 


S=—T, (13.48) 
where Xn and =t are the sums of the normal and tangential components of 
the forces at the interface between the particles and the moisture in the 
direction of the external field, and 

xf and Ze are the corresponding values 
for the electrophoretic and electro- 
osmotic forces. 

To calculate the bulk forces in the 
interelectrode space, we consider an 
FIGURE 13,6, Diagram for calculating bulk infinitesimal soil tube oriented in the 
Biren Cosnpe toners: direction of the external field, and 

consider the forces acting on the 
moisture enclosed in the pores of this tube (Figure 13.6) /7/. 


(P+ FE dz)en 


: eP 
The notation is as follows: P is the soil moisture pressure, 37 dx is 


the pressure increment over a length dx, » is the cross-sectional area of 
the tube, and 7w dx is the force acting on the moisture enclosed in the soil 
tube under consideration. 

The total force along the ¥ axis is 


= (P+ dx)o 4 Todx+ Po=0, (13.49) 
from which we obtain 
oP 
T=. (13.50) 
Thus, from (13.48), 
oP 
S=—T=——. (13.51) 


The bulk force S points in the direction of decreasing pressure in the 
liquid (from cathode to anode), This force acts on the soil matrix and 
produces a corresponding stress init, The stresses.in the region of the 
cathode are obviously tensions, * 

The total stresses in the soil matrix can be obtained by combining the 
electroosmotic stresses with the stresses due to its own weight and to the 
external load. The electroosmotic effect leads, in particular, to a decrease 
in soil pressure on the walls of the cathode and, consequently, to a decrease 


* In the region of the anode the electroosmotic stresses are compressions, 
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in the boundary friction, and may be uSed to facilitate the insertion of 
electrodes into clay soils /7/. When a constant electric field is used to 
control the structural properties of clay soils, a knowledge of the bulk 


forces in electroosmosis enables the required effect to be correctly 
estimated. 
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Chapter XIV 


MAGNETIC PROPERTIES OF SOILS 


§ 1. BASIC MAGNETIC CHARACTERISTICS OF SOILS 


All soils possess magnetic properties to Some extent. This is due first 
of all to the clearly pronounced paramagnetic properties of the basic 
elements of the mineral part of soils, and also to the presence in them of 
ion compounds with ferromagnetic properties. It is known that the mineral 
components of soil contain certain amounts of magnetite (magnetic iron ore 
Fe,0O,; FeO), pyrrhotine (magnetic pyrite Fe,.S,,), ilmenite (titanous iron 
ore FeO: TiO,), limonite (brown iron ore Fe,O3:n:H,O), hematite (ferric 
oxide Fe,03) and so on. 

Magnetite, which is very abundant in many soils, displays the most 
magnetic properties. The gaseous and liquid phases contained in soil 
exhibit relatively weak magnetic properties. 

The parameters which must be taken into account when evaluating the 
magnetic properties of a soil are, first, the magnetic susceptibility, 
residual magnetization and coercive force, 

Each electron possesses a proper elementary magnetic moment. The 
vector sum of all the elementary magnetic moments in the substance forms 
the total magnetic moment. Owing to the inhomogeneity of a soil sample, 
this moment varies for different sections of it, and therefore to characterize 
the degree of magnetization of a soil clod the concept of magnetization 
intensity (or simply magnetization) is introduced. This is represented by 
the vector J whose numerical value is equal to the magnetic moment ofa 
unit soil volume: 


ya aM (14.1) 


~— ay * 


With this definition, the assumption of uniform magnetization is extended 
only to an infinitely small soil volume dv. The total magnetization of a soil 
clod with volume v is 


M,= {| Jdv. (14.2) 


(v) 


For a homogeneous sample M,=—Jv. Thus, / plays the same role as the 
polarization vector in electrostatics, 
The magnetization unit in the cgsm system is the linear current density, 


1. e., gi. em7/2. sec! (since the magnetic moment of an electron is the 
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product of the current resulting from its motion in orbit and the area of the 
orbit). In the mks absolute system the unit of / is 1 amp-mz-?, 

It is known that in a magnetic field of intensity 4, paramagnetic and 
diamagnetic samples acquire a magnetic moment (fin the absence of a field 
the average moment is zero) of magnitude 


J =H, (14.3) 


where «, is the magnetic susceptibility. 

For ferromagnetics, sucha direct proportionality is untrue, since %» 
is a complicated function of /, depends on the previous state of the material, 
and increases with // up toacertainlimit, after which saturation (represented 
by the condition /—J,,) sets in. 

The quantity 4. is measured in the cysm system, in units which are the 
ratio of a cgsm unit of current to 1 0oe-cm,; the unit of 4,.in the mks absolute 
system has dimension. Sometimes the specific susceptibility, defined by 


gt, (14.4) 


is used, where p is the density of the material. 
The physics of magnetic phenomena uses also the apparent susceptibility 
4. (form susceptibility), which is related to the true susceptibility as follows: 


i eS (14.5) 


where N is the demagnetizing factor, a scalar quantity, which varies for 
different points of the material. For example, for a cylinder \‘ is least 
at its middle, where / is maximum, and for a sphere V=4n. This factor 
N is a tensor whose components Nx; are the second derivatives of the 
magnetic potential Vy. It is known that 


J=u,[H, + grad (J grad V,)|; 


therefore 


Spo 5 (He, > Ned ; 
L : i=] 


since N,=N yy. Nn=Ni, Vy=Nn, the tensor \ is Symmetric, and is constant 
at all the points of the body for J =const. It can be easily shown that 


J=x,(H, —NJ), 


whence 
J= 4, HL =H.,. (14.6) 


For complex shapes N is found experimentally. For this purpose one 
must measure the magnetization / (when the body is placed in a solenoid 
of known intensity) and /, (when the same field acts on it and the self 
demagnetization is zero, ' =9), Hence, N=(/J,—J),J. When NV is measured 
by ballistic (N., ») and magnetometric (.V,,) methods, there is always a 
difference in the values such that N,<N,,,:. 
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In reality the situation is still further complicated by the fact that any 
sample in an external magnetic field, including the magnetic field of the 
Earth (H,), creates its own internal magnetic field H; The magnetization 
is therefore 


J—=,H, +, H),. (14.7) 


In the science of magnetism, it is shown that H; always opposes H, in 
the case of uniform magnetization, and is therefore called the internal 
demagnetizing field. For general nonuniform magnetization, H; may have, 
at various points of the body, different directions relative to the magnetizing 
field H,., the angle between H, and J depending on the shape of the body. 
For a uniformly magnetized sphere in a magnetic field, J coincides with 
the direction of H.. Uniform magnetization is also found in samples of 
ellipsoid and long cylindrical forms. 

The following interesting effect is found in samples with pronounced 
ferromagnetism. As the external magnetic field rises, the magnetization 
increases along the basic curve (/) and reaches saturation. Then, as H, 
decreases, the magnetization decreases along another, hysteresis, curve 
(1/1). When H,=0, the magnetization does not disappear, but acquires a 
definite value J, for the given material; this is called the residual magne- 
tization of the material. In order to nullify the magnetization, an external 
field H.=H..¢,(coercive force) must be applied in the opposite direction. 
Figure 14.1 shows a typical hysteresis loop, whose width and area depend 
on the properties of the magnetized material. 


J 
@ /p 
- JO. 
coer o N, A coer 4 0 
FIGURE 14.1. Basic magnetization FIGURE 14.2, Determination 
curve (I) and the hysteresis loop(II). of the residual magnetization 


(and the magnetic moment) 
from the known form of the 
hysteresis loop, 


Knowledge of the hysteresis loop makes it possible to determine the 
residual magnetization and the magnetic moment. In fact, one must then 
also know the demagnetizing factor. Suppose a section of the hysteresis 
loop between the positive axis of J and the negative axis of H is given, The 
magnetization in the absence and in the presence of a demagnetizing field 
! 


OH is respectively OJ, and OJ. Here OH = MH tga= 3 


JN, where fis the 
ratio of the scales of J and H (Figure 14.2), 
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Soil minerals may be considered isotropic, and their magnetization 
uniform, with an accuracy sufficient for practical calculations. Consequent- 
ly, the true susceptibility xm is the maximum susceptibility for N =0, in 
which case it is considered equal to the apparent susceptibility xj, (x, ==™%,), 
and the vector J is assumed to coincide with H. If the product x, is taken 
as very small (not exceeding 0.01), the vectors J and H may be related 
simply: J=x,H. Of course, the above reasoning applies to polycrystalline 
compounds, to which almost all the minerals encountered in soils may be 
safely assumed to belong. 

With regard to magnetic properties, minerals are usually divided into 
three groups: ferromagnetic, igneous and sedimentary. Their magnetic 
properties depend very much upon origin, structure evolution, etc. 
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FIGURE 14.3, Hysteresis loops and magnetization Curves 
of different magnetites, Given below is the percentage 
of magnetite in the sample, and values of the initial 
magnetization (J ), residual magnetization (J/,), coer- 
cive force (A.oe) and saturation ( Hear): 


a—from the Kola Peninsula 45%; Jing =0.2; J,= 12; 
Hooer = 30; Hsat=100; b—from Vysokaya Mountain 
(Urals) 40%; Jin =0.9; J,=20; Acoer=30; A sar=150; 
c— from Temir Tau Mountain 60%; Jip =1.9; Jp= 
=4.1; Hooer= 7.2; d—from the Urals 60%; Jin = 0.25; 
Jp =7.0; Aooer=40 (all quantities are expressed in cgse 
units), 
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The following illustrative examples give some idea of the possible limits 
of the magnetic characteristics of these three mineral groups. Figure 14.3 
shows the hysteresis loops and magnetization curves of magnetites of 
different deposits. Published data indicate how impurities of local minerals 
modify the magnetic characteristics J, and 17, of the Same mineral samples 
in comparison with those for pure magnetite, which consists of crystals of 
a cubical structure with a clearly pronounced magnetic anisotropy. 

The same picture is also observed with other ferromagnetic minerals. 
Examples are crystals of pure pyrrhotite (Figure 14.4), which constitute 
rhombic systems and lose their anisotropic magnetic properties in natural 
minerals /1—6/, The latter begin to depend strongly on local impurities. 
Thus, two samples containing 7.5% and ~20% of Fe,O, have residual 
magnetization and coercive force respectively of J;=1.12, He =1100 and 
J; =8, H, =4600. The same situation is observed in hematites, ilmenites, 
and so on. 

some of the ferromagnetic materials themselves are only slightly 
magnetic, for example titanium oxide, but in combination with iron possess 
clearly pronounced ferromagnetic 
properties. Igneous rocks (diabases, 
metamorphised gabbro, pyroxenites, 
etc. ) possess magnetic properties which 
are so variable (depending on the amount 
and quality of the ferromagnetic minerals 
contained in them) that no regularity can 
be established /7—9/. One may only 
speak of the variation limits of these 
properties. Thus, the specific suscep- 
tibility in granite varies in the range 


iam 


O oo -ad)—S«SWO (0O—4555)-10 °, indiabase (0—13,920)-107%, 
4, in basalt (125—15,000). 1075 cgsm units, 
and so on. 


FIGURE 14.4. Magnetization curves of a 


pyrrhotite crystal: Sedimentary rocks (clays, sandstones, 


limestones, gypsums, marls, and so on) 
are practically nonmagnetic. Their 
susceptibility is always lower than 107° 
cgsm units. When they contain some 
percentage of magnetic iron oxide (veins of magnetite) their susceptibility 
may rise to 10-3 cgsm units. Thus, for various types of clays x varies 
in the range (70—200)-10°°, for sandstone (30—45)-10°°, for gypsum 
(5)-10°®, and marl (0— 90)-10°® cgsm units. 

This is not the place to consider the various theories explaining the 
magnetism of materials, its origin and effects. We can only mention 
Yanovskii's interesting assumptions that the high magnetization of minerals 
is a consequence of their cooling off after intrusion into the magnetic field 
of the Earth, since crystallization of rocks is a result of the transition 
from the liquid to the solid phase. In addition, a certain influence on the 
formation of residual magnetization has been, and continues to be exerted 
by mechanical rock deformations due to nonuniform and changing processes 
of compression, bending and stretching. 


I—magnetization along the OX axis; 2— 
along the OY axis; 3—along the OZ axis. 
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§ 2. METHODS FOR MEASURING MAGNETIC 
CHARACTERISTICS OF SOILS 


The susceptibility, magnetization and hysteresis loops, as well as the 
residual magnetization must be determined in order to evaluate thoroughly 
the magnetic properties of materials, including soils. Materials which 
are subjected to such an evaluation comprise those with very different 
magnetic properties, namely, strongly magnetic ferrominerals and weakly 
paramagnetic minerals. Such measurements must be performed under 
the most diverse conditions, including laboratory conditions when high 
accuracy is required, and field conditions when a far lower accuracy 
suffices. 

It is important to bear in mind that soil samples cannot be given adefinite 
shape. As a result many methods have been proposed, each of which is 
suitable only under certain specific conditions and for a well-defined class 
of materials. A brief description of the commonest practical techniques 
will now be given. 

Ballistic method. The sample is placed inside a coil of known 
inductance M, When the magnetic flux in the sample varies, an inductive 
current arises in the soil surrounding it and is measured by a ballistic 
galvanometer. This current is equal to f= .107 (amp), where the 
magnetic flux variation during time dtis d®, and the number of turns and 
the ohmic resistance of the coil are respectively W, and R. 

The total amount of electricity induced in the coil for a flux variation in 


the sample from 0 to Mis g= [I dr=10- OV, R-'(coulombs), and for a flux 


variation from +@ to —O it is 
g=2-10°W.O(c)R7=Ca, (14.8) 


where ais the deflection angle of the pointer or mirror of the galvanometer, 
and C, is the galvanometer constant. 

The flux @, and hence the induction B=@/S({Sis the cross-sectional area 
of the sample) can be found from (14.8). For this we must know the constant 
C,R, since all the remaining quantities in (14.8) are known, and 


B= 108 Re (14.9) 


The quantity C,R is found as follows. The current in the primary winding 
is changed from +/ to —/ and a recording is made of the readings of a 
ballistic galvanometer, which is cornected in series to the secondary 
winding of the coil. The magnetic flux induced by the secondary winding is 


108 
D, = 10°M/ (maxwells )= —-C,Ra, 


where Xk; is its resistance. This resistance is usually chosen equal to that 
of the coil surrounding the sample, to which the given resistance is connected 
in series (R=). Then 


Cea. (14,10) 


a 
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The circuit for ballistic measurements is shown in Figure 14.5, where 
the notation is as follows: K is the magnetizing coil Surrounding the 
sample, MI is a standard mutual-induction coil for calibrating the galvano- 
meter, CMI is a compensating coil with a variable mutual induction for 
compensating the magnetic flux in the gap formed by the sample and the 
measuring coil, R; and R, are low-resistance and high-resistance variable 
rheostats, A, and A, are ammeters, G is a ballistic galvanometer, $, and 
S, are changeover switches for the current direction in the galvanometer 
circuit, S; is a switch for connecting the magnetizing coil or the sample, 
k are knife switches for connecting the whole circuit and for changing the 
current intensity. 


FIGURE 14.5. Circuit for ballistic measurements. 


The sample is usually placed in an open solenoid, and has the form ofa 
long cylinder for which the demagnetizing factor is known. This arrange- 
ment enables the complete set of magnetic characteristics to be obtained: 
basic magnetization curve and hysteresis loop, coercive force, residual 
induction, and susceptibility. 

Magnetometric method, The sample NS (Figure 14.6) is placed 
inside a magnetizing coil in a horizontal plane perpendicular to the magnetic 
meridian (determined by one of the 
magnets (ns) of an astatic system 
which is suspended on a wire). 

The astatic system (consisting 
of two rigidly clamped magnets, 
parallel to one another and situated 
some distance apart, one of which 
remains beyond the range of action 
of our Sample) is set initially along 
the magnetic meridian, and is 


FIGURE 14.6. Circuit of magnetometric apparatus 
(in the initial setting). deflected through some angle 8 by 


the magnetic field of the sample. 
If this angle is measured, the 
magnetic moment M, of the sample can be determined from the formula 


My, Cinge9 (1 — 5 8), (14.11) 
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where Ci, is a constant for a given instrument design and represents the 
overall effect of known quantities, namely, the torsional modulus of the 
wire, the distance between the sample and one of the magnets of the system, 
the magnetic moment of the latter. 

The sample is magnetized in the center of a long coil, where the field 
is uniform. A second coil of precisely the same dimensions and number 
of turns is connected in series symmetrically relative to the astatic system. 
The purpose of this coil is to compensate for the field created by the first 
coil. Complete compensation for these fields is achieved by moving the 
compensating coil until the astatic system is brought to its former state. 
The readings of the instrument are then obtained only under the effect of 
the magnetized sample. The magnetization is then found from the formula 


pa aS (1-5 0), (14.12) 


Uv U 
The intensity of the magnetizing field is 


H=H,—N 8" (156), (14,13) 


Uv 


where H, is the field intensity inside the coil and N is the demagnetizing 
factor of the sample (the magnetometric one, i.e., N,). The principal 
reading on which the results are based, i.e., the angle 0, iS measured 
from the mirror scale situated a distance / from the mirror, which is 
attached to the magnet ns: 


8= 5 (1— +), (14,14) 


where n= 2 for the first measurement and n=1 for the second one. 

The demagnetizing factor need not be determined if a sample of known 
form (cylinder, prism) is investigated. The basic magnetization curve is 
obtained by demagnetizing a sample placed in one of the magnetometer coils, 
i.e., by passing an alternating current through the coil and gradually 
reducing the current to zero. 

Then a direct current, whose intensity depends on the initial value of the 
magnetic field intensity, is passed through the coil. Magnetic preparation 
is carried out, i.e., repeated switching on of a decreasing current, and 
the last reading of the magnetometer is the one used. A whole set of points 
of the basic magnetization curve are obtained by repeating this operation 
for each point. The hysteresis loop is obtained similarly, but without 
preliminary demagnetization. 

The residual magnetization canbe determined conveniently by this method, 
but the sensitivity of the method limits its use to materials whose magnetic 
susceptibility is not lower than 1074 cgsm units. 

Yanovskii and Chernyshev succeeded in improving the sensitivity of this 
method. Intheir version, the layout of which is shown in Figure 14.7, a 
cylindrical sample A of diameter 3cm and more is placed 1—3cm from the 
lower magnet of an astatic system M, which is surrounded on both sides 
by Helmholtz coils A,. The latter magnetize the sample. These coils are 
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mounted so that the sample and lower magnet are 
coplanar. Smaller fixed coils K, are connected 
K er in series with K;,, the purpose of the former being 
¢ 3 to compensate for the magnetic field of the latter. 
This is achieved by changing the current in the 
secondary winding of the coils K;, connected in 
parallel with the winding of A:. 
y The formula for calculating the magnetization 
va (am , contains only the known parameters of the 
U 


My instrument and the geometric characteristics of 
the apparatus. A magnetometer built on this 
principle is a complete instrument. The sample 
is placed between four magnetizing coils which 
are grouped in two mutually perpendicular systems. 

Technique using the attraction and 
repulsion in a nonuniform field. A 

FIGURE 14.7, Yanovskii and nonuniform magnetic field H is created by an 

Chernyshev's design of a mag- electromagnet with conical pole shoes N, S 

netometer for susceptibility (Figure 14.8). The sample, placed in flask B, 

measurements, 


is suspended at one end of the beam of a lever 

or torsion balance A—A along the axis of the 

largest vertical value of H. The other arm of the beam is supplied with a 

counterweight E and a mirror Z for observing the angle of deflection 0. 

The system is enclosed in a closed case and shielded from external effects. 
The force exerted by the magnetic field is balanced by the counterweight 

Mg or the torsion c@ of the thread, and is given by 


where U is the potential energy of a body placed in the field: 


A wb 
oe i = av, 
(v) 


v being the volume of the mass within which grad H*?=const. Then 


Fa | grad H? dx = 50 grad H? = noH 2, 
(2) 
whence 
a es, (14,15) 


a dH 
rm 


where F is replaced by the balancing force Mgor c@, and H and a have to 
be measured, The determination of mts is very awkward, and this decreases 


the accuracy of what is essentially a very sensitive method (allowing 
measurements of xy of the order of 107'° cgsm units). One is therefore 
forced to replace absolute by relative measurements of xm, which eliminates 
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the necessity to measure H and at It can be easily shown that the 
corresponding working formula will be 


“ _ F v5 


a = BF (14.16) 


where F; and F, are the forces acting on the unknown (1) and standard (2) 

Samples, having respectively volumes y and v, and susceptibilities %y, and 

Hue 
In this case the susceptibility of the standard sample should be known 

in advance. The whole experiment reduces to ''weighing"' alternately the 

Sample and the standard on a beam or torsion balance. Rigorously speaking, 

the formula used in this method requires a correction, since the sample 

is situated in air, whose susceptibility is wo. In virtue of this, the required 

% iS given by 


Ky = Xu, + GR (14.17) 


The working formula often assumes a somewhat different form due to 
the following change in the layout of the experiment. The sample is put 
into a cylindrical or prismatic glass tube, filling up half its volume. The 
tube is then placed between the two poles of a cone-shaped electromagnet, 
as indicated above, so that the center of the tube is situated at the center 
of the pole shoes and the magnetic field acts symmetrically in the vertical 
direction z at both its ends. 


FIGURE 14.8. Layout of the technique using 
the attraction and repulsion in a nonuniform 
magnetic field. 
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If it is assumed that except for the vertical forces F,, no other forces 
act on the tube containing the sample, and if the uniform field between the 
poles is denoted by H and the field intensity at the lower end of the cylinder 
by Ho, then 


H 
F,= | dF,= | SH Hage = 9S (HH) 
i, (14.18) 
_ 2F, - 2Mzg 
~ S(H®— #3) S(H? —H3)' 


and 


Xu 


where F,=Mg is the force balancing the magnetic force on the beam or 
torsion balance. 

Astatic field magnetometer. For field investigations an astatic 
magnetometer is used to determine the magnetic susceptibility of the sample. 
It is convenient for soils because the measurement accuracy is higher for 
materials with less pronounced magnetic properties. The small dimensions 
of the instrument, its simplicity and portability also contribute to the 
application of this method in field conditions. The method can be used for 
relative and absolute measurements. For the former, the sample may 
have any shape, whereas for the latter a cylindrical shape is best. 

A formula for the relative determination of the magnetic susceptibility 
% of a Sample of volume v is 


We Oa ae (14,19) 


where %, U and g@ refer to the standard sample. This formula is derived 
from the following simple considerations. 

A sample (of volume v) with a small magnetic moment, situated a 
distance r from the center of one of the magnets of an astatic system and 
in the same plane as the magnet (of magnetic moment M), is acted upon by 
a mechanical torsion moment C,9 (where C,, is the torsion constant, and 
@ the torsional angle of the thread). Then 


Co=KkK OE. (14.20) 


where Kis a factor depending on the mutual positions of the sample and 
magnet, and their dimensions. Now M’=xHv, where x is the apparent 


susceptibility of the sample and #H is the magnetic field intensity H=K'S 


created by the magnet (K’is a factor depending on the angle 7M); tnerefore 
K’KM?v 
rs 


determination of the magnetic susceptibility of a sample is 


=C,p , from which (14.19) follows. The formula for the absolute 


[g 
% = ———_————_.,, 
10 au oj} 


In this expression H, is the magnetic field intensity of the astatic system, 
which is created by means of a system of coils of length / and w windings 
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per unit length (the rotation of the latter enables ine emf and Hy» to be 
determined), This method does not give the true, but the apparent 
susceptibility, and is more precise for a more magnetic sample (higher «). 

Other methods. A setup consisting of a permanent horseshoe 
magnet, between whose poles the sample is placed and in the middle of 
which there is a winding connected to a galvanometer, displays features 
which are similar to the above method. Removal of the sample from the 
gap between the poles results in a change in the flux passing through it, 
which is proportional to the deflection g of the galvanometer. Comparing 
these deflections @ and a respectively for the sample and standard (of 
respective cross-sectional areas s and s,) we obtain the formula 

® 


SoG 
“! =— Xo ) 
SQ 


The contact magnetometer makes it possible to determine local values 
of x for isolated impregnations, granules, etc. The measurement is 
performed on soil surfaces whoSe average aggregate size lies between 0.5 
and 5mm (weak and strong magnetic materials), Values of x in the range 
10-!'—1cgsm units can be found to within a few percent. 

The principle of determining x is based on recording the torsional angle 
of the thread on which a magnetic needle is suspended and with which the 
Sample is brought into contact; a is measured at the moment the needle 
separates from the sample. 


§ 3. BASIC FACTS AND SOME LAWS OF SOIL 
MAGNETISM 


The main data found in the literature are concerned with the magnetic 
properties of rocks. As regards soils, such investigations are almost 
totally nonexistent. Some relevant facts were established, and Lukshin and 
his coworkers attempted to interpret them. The following discussion is 
based on data of Lukshin, Rumyantseva, and Kovrigo (Izhevsk Agricultural 
Institute), who have kindly put them at our disposal /10, 11/. 

First of all we should note that, despite the fact that rocks (from which 
soils form by weathering) contain mostly diamagnetic and paramagnetic 
minerals, traces (a fraction of one percent of the total volume) of minerals 
with ferric trioxide are also always present. An evaluation of measured 
susceptibilities of soils, a determination of their hysteresis loops, and so 
on, show that these traces are sufficient to impart typical ferromagnetic 
properties to the whole mass. 

Such a conclusion must be drawn from the presence in soils of primary 
minerals of magnetite (%=8, H,=92—93, Koe=~50,* Curie temperature 
T =587°C), hematite (H.=0.5, MHcoer = 76,000, T =675°C), a-hematite 
(Ho = 83.5, = 675°C), y -hematite and ilmenite (H.=0.2, T =100—150°C), 
pyrrhotite (4.2=62, Hcoer =15—20, T = 300— 325°C) and limonite (x =(100— 
500)-10°5, J,=0.011, Acor =10). Values of y for some minerals and soils 
are given in Table 14.1, from which it follows that the specific susceptibility 
of soils is of the same order of magnitude as for minerals, but it varies less 
for soils. 


* All quantities are expressed in cgsm units; H,, is the saturation field, 
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Lukshin investigated the magnetic properties of samples (obtained from 
various depths) of the most typical soils of the Udmurt ASSR. The samples 
were dried, and the soil crushed to aggregates less than 2mm in diameter 
and then put into a cardboard box of height 3cm and base area (made of 
tracing cloth) 6X6cm. 

The susceptibility of such samples was determined by an IMV-2 device, 
which is based on the principle of the differential bridge, consisting ofa 
core of H-shaped permalloy plates /11, 12/, The poles of this core are 
equipped with identical field coils supplied from a high-frequency oscillator 
(1000 Hz). An intensity of 


H=0.5—0.7 oe 


is created between the poles. 

The field coils are so connected that the magnetic fluxes of each pair 
are opposed. This makes it possible to establish a balance, which in the 
absence of a Sample is characterized by zero magnetic flux in the core 
bridge (determined from zero position of the indicator coil), When a sample 
is present, one of the gaps is closed, the balance is upset, and an unbalance 
Signal arises which is proportional to the required value of x. The voltage 
signal passes through a step divider and a P13-A amplifier, and enters a 
microammeter with a scale calibrated in cgsm units. 


TABLE 14,1, Specific magnetic susceptibility of some minerals and soils 


Specific 
Mineral or soil susceptibility, 
cgsm units 
SIdGHIC:. 50:0 oso Sis ew Boek hoe ea net we ee aes 90-10-° 
Py Cit 5 aaa, oo. ue lh Boa a ee a wee Gee oie eee eee s 8.3-10-8 
FGI AUG: se epcene- Gud ace Sag ow we Se el Os Re ee We Wea 759-107° 
lime Nite?. 2.4. Palos Ghee ee ae eat eae 52-10-° 
OPAC UITT is." 8 ir hb arses ep ye Se ea ar ewe, a Bo 12-107° 
BAM ILE? «1s, kate wera cdl onbuetd beeen eeurwn ss Enel g. Gahan at eel oe 54-1078 
Soddy-medium podzolic, medium loamy soil, top 
layer 020 Cit sciby ice ee ba ed Eo a 23-1078 
Light-gray, forest, medium loamy, podzolic soil, top 
layer 0-20 Cing. 5 oasis WAS ae Owe Bu She ee 42-1078 
Gray, forest, medium loamy soil, top layer 0—22cm ... 45-10-§ 
Dark-brown, forest, heavy loamy soil, top layer 0—20cm. 52-107° 


Tables 14.2—14.4 present measurements of the magnetic susceptibility 
* and specific susceptibility x for three soil types of the Udmurt ASSR, 
investigated in the principal soil horizons. 

The following conclusions were drawn by Lukshin from these tables. 

1. The magnetic susceptibility of the principal soil types of the Udmurt 
ASSR was measured by horizons for the first time and on their basis the 
following was established. 

a) The susceptibility of the top layer of sody-calcareous clayey and 
heavy loamy soils varies within the limits (20.8— 41.8)-107-§ cgsm units, 
the average value being «x= 30.3-10-° cgsm units. Characteristic of soddy- 
calcareous soils is the highest susceptibility in the upper layer; downward 
along the soil profile x sharply decreases to (5—10)-10-° cgsm units. 
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b) The susceptibility of the top layer of soddy-medium podzolic and 
strongly podzolic loamy soils varies within the limits (7.9—20.5)- 1076 cgsm 
units, the average value being x=14.1-107§ cgsm units. In soddy-podzolic 
soils a maximum is observed in the illuvial or podzolic layers. The former 
case is characteristic of soils which had formed on areas within a deep- 
groundwater takle or with elevated relief elements; the latter is character- 
istic of soils which had formed under conditions of seasonal waterlogging. 

c) The suceptibility of the top layer of gray forest loamy soils varies 
within the limits (11.5—35.5)-107§ cgsm units, the average value being 

= 20.9-10°° cgsm units. The susceptibility of gray forest soils with 
weakly pronounced podzolization has a maximum either before the illuvial 
level, or in it. 

2. The magnetic susceptibility is a new important characteristic of the 
physical properties of soils. It can be used as an objective index of Some 
soil-forming processes. Thus, a podzolization process reduces it in the 
upper soil layers. The highest susceptibilities in top layers are therefore 
observed in soddy-calcareous soils, and the lowest susceptibilities in 
soddy-podzolic soils. In gray-forest soils, where podzolization processes 
also take place, but to a lesser extent than in soddy-podzolic soils, the 
susceptibility has intermediate values between those of soddy-calcareous 
and soddy-podzolic soils. 

For the same soils Lukshin and his coworkers observed and plotted 
the hysteresis loops (Figures 14.9—14.11) in fields of H =0—500 oe for 
samples taken from various horizons. Common features of all the 
investigated soils are: 

1) the largest loop area for the top layer, contraction of the area when 
passing to lower-lying layers, its transformation almost into a straight line 
for samples of the first soil at a depth of 60—75cm (B, horizon), Slight 
deformation with increasing depth for the second soil and medium deforma- 
tion for samples of the third soil; 

2) a dependence of the susceptibility on the field intensity with an 
appreciable maximum near the point H=10—15 oe for soddy-calcareous 
soils (a rise from an initial «= 37-10°§ to »=55-107® cgsm units), a weak 
maximum for soddy- podzolic soils (rise from »=20-107° to x =23-1078 
cgsm units), and an intermediate maximum for gray forest soils occurring 
at H =100e. 

3) a similar situation also exists with regard to the residual magnetiza- 
tion and coercive force, which increase with the intensity of the magnetizing 
field mostly for soddy-calcareous soils, less for gray and forest soils, and 
even less for soddy-podzolic soils. 

Since magnetic properties are more clearly displayed by soils containing 
the largest amount of iron, it follows that: 

1) the top layer of soddy-podzolic soils contains less iron than the 
respective layers of soddy-calcareous soils; 

2) the iron content decreases in the podzolic layer and increases in the 
illuvial layer. The magnetic characteristics of soils may obviously serve 
as a good criterion of their chemical-mineralogical composition for 
evaluating various types of soils, as well as for understanding some soil- 
formation processes. 
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TABLE 14.2, Magnetic susceptibility of soddy-calcareous soils of the Udmurt ASSR 


Category 


— 
Go 


24 


23 


29 


14 


20 


15 


Soil type 


Soddy-calcareous, typical 
medium -thickness, clayey, 
on stony calcareous clay 


Soddy-calcareous, typical 
medium -thickness, clayey, 
on stony calcareous clay, 
underlain by well-eroded 
marl 


~ 


Soddy=calcareous, strongly 
leached, clayey, on cal- 
careous brownish-red clay 


Soddy-calcareous, slightly 
leached, slightly eroded, 
clayey, on brownish-red cal- 
careous clay, underlain by 

stony calcareous clay 


Soddy-calcareous, moderately 
leached, clayey, on calcare~ 
ous brownish-red clay 


Soddy-calcareous, moderately 
leached, slightly eroded, 
clayey, on calcareous brown- 
ish-red silty clay, underlain 

by marl 


Soddy-calcareous, podzolized, 
heavy loamy, on calcareous 
heavy loam, underlain by 

lenses of stony calcareous 

loam 


Soddy-calcareous, podzolized, 
clayey, on calcareous red- 
brown silty clay 


Soddy-calcareous, podzolized, 
clayey, on calcareous brown- 
ishered clay 


Soil horizon 
and its bound- 
cm 


aries, 


Aly U—25 


B, 25-35 
B, 35~—56 
D,56—72 
‘D,72—85 


A;y 0-18 
B, 18—38 
B, 38—57 
B. 57—100 


Ayy 0-23 


B, 23—36 
B, 36—47 


Ay 0-25 


B, 25—35 
By Si—7T2 


Be. 72—100 
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Sampling 


depth, cm 


Density of 


the air-dry 
samples, e 


Magnetic suscep- 
tibility, x- 10°, 
cgsm units 


Be 
p 


Specific suscep- 
tibility, x= 


_ 
'<) nS 
nnn ne O I ot 4 oO om Ww 


fat 
co 
Ke +~)] GD Od 


35.7 
28.4 
15.8 

5.0 


22.8 
19.8 
10,3 

6.4 


22.7 
15,5 
ot 


18.0 
LT ak 
14,1 
12.0 


16.4 
13.6 
11.2 
8.0 
tat 


TABLE 14.3, Magnetic susceptibility of soddy-podzolic soils of the Udmurt ASSR 


Soil type 


z0n and its 
boundaries, 


Category 
Soil hori- 
Sampling 
depth, cm 
Density of 


cm 


nN 
bo 


O—17 


Soddy, medium-podzolized, | Aj, 0—17 


medium loamy, on red- A, 17—29 18 —28 
brown heavy silty loam B, 29—49 32—42 
B, 49—73 55—65 


B. 72—102 92 — 102 


26 | Soddy-strongly podzolized, 
medium loamy, on silty 
red-brown loam 


1 | Soddy-medium podzolized, Ay, 0-22 


sandy, on sandy loams, Ay 22—39 
underlain from a depth of B, 39—67 
67cm by red-brown silty B,D\67—110 


loam until a depth of 
110cm, and then by brown- 
ishered, calcareous silty 
clayey soil 


28 | Soddy-medium podzolized, 0-19 


medium loamy, on red- 19—26 
brown sandy loam, underlain 31—41 
by calcareous loam 50 — 66 


80— 90 
105—115 


18 Soddy~medium podzolized, 


medium-+loamy, on yellow- 


brown silty loam 


11 Air 0—23 


Soddy-medium podzolized, 


medium loamy, on red- Az 23—34 
brown fine-sandy loam, B, 34—50 
underlain by calcareous B, 50—T5 


brownish-red clay D, 75—100 


6 | Soddy-medium podzolized, 
medium-loamy, on sandy 
red-brown loam 
21 | Soddy-medium podzolized, Ay; 0-18 
medium loamy, on yellow- | A; 18—28 
brown silty loam B, 28—49 
B, 49-74 
B. 74—103 
27 | Soddy-strongly podzolized, Ay; 0-22 0—22 
cohesive-sandy, on sandy AA,22—39 24—34 
deposits A, 39—81 50—60 
B, 81—127 95—105 


B,127—130 140—150 


369 


ceptibility, 


Magnetic sus- 
Ho 108, 


im ee 
14.0 
12.6 
12.7 
o.0 


cgsm units 


Specific sus- 


7.0 
7,0 
12.6 
13.3 
11.3 
1.4 


16.1 
14,7 
18.6 
18,2 
16,8 


9,2 
ne oe 
10,1 
10,8 

4.2 


10,9 
13.2 
12.3 


9. 8 
13.9 
10.8 
10.7 
10,1 


9,2 
9,1 
7.0 
7.8 
8.6 


TABLE 14.4, Magnetic susceptibility of gray forest soils of the Udmurt ASSR 


Category 


bo 
a) 


10 


16 


19 


17 


Soil type 


Magnetic suscep- 
tibility, x - 10° 


and its bound- 
cm 
cgsm units 


Soil horizon 
aries, 
Density of 
the air-dry 
samples, p 


Sam pling 
depth, cm 


Light-gray, podzolized, Aj; 0—23 


heavy loamy, on yellow- A 23—32 
brown silty loam B, 32~—57 


Light-gray, podzolized, Ayy 9-23 


medium-loamy, on silty A,B, 23—36 
red-brown heavy loam, B, 36—53 
underlain by calcareous B,. 538—81 


brownish-red clay D,81~—110 


Light-gray, podzolized, Ary 0—22 14.2 
medium loamy, on red- A,B, 22—31 14.1 
brown silty loam, underlain B, 37—53 134 
by calcareous brownish-red By, 53—84 13.3 


Clay D, 84—110 


Light-gray, podzolized, A, 0—25 


medium loamy, on red- B, 25—44 
brown silty loam, underlain B, 44—69 
by calcareous brownish-red B. 69—88 
clay D 8&—105 


Ay; 0—20 
A 20—30 
B, 30—46 
B, 46-15 
B. 75—100 


Gray, forest, heavy loamy, 
on red-brown silty loam 


Gray, podzolized, heavy Aj, 0—20 0—20 


loamy, on yellow-brown A 20-35 20—35 

silty heavy loam B, 35—50 37—47 
B, 50—71 59— 65 
B, 71—92 76—86 
B, 92—100 100—110 


Ay 0O—6 


Gray, forest, podzolized, 


loamy, on yellow-brown A 6—28 
silty clay, underlain by B, 28—42 
brownered calcareous silty By, 42—62 
clay D 62—100 


Dark-gray, forest, podzolized, Aj; 0-24 


clayey, on yellow-brown A 24—32 
silty heavy loam B, 32—54 
B, 54—80 


Be 80—100 


Dark-gray, clayey, on yellow- Aj, 0-19 11.5 
brown silty heavy loam, A 19—41 10.4 
underlain by calcareous B, 41—56 12.1 
yellow-brown heavy loam B, 56—179 13.5 

B, 79—107 14.8 
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Specific suscep- 
ere rad 
tibility, x= ee 


to WwW W 
am YY 
NOoow ww Ww 


to 
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10,8 

9.0 


19,3 
16.6 
11.9 
8.6 
7.0 


20.0 
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9.9 
10,5 
12,0 
12.5 


11.4 
15.0 
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12,4 
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12.0 
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Part Three 


ATOMIC PHYSICS OF SOILS 


Chapter XV 


NATURAL RADIOACTIVITY OF SOIL 


§ 1. FUNDAMENTAL CONCEPTS AND LAWS 
OF RADIOACTIVITY 


Radioactivity is the property of isotopes of a number of chemical 
elements to spontaneously transform into isotopes of other elements with 
the emission of elementary particles or nuclei. The disintegration and 
transformation of elements implies in this case a spontaneous transition 
of atomic nuclei from a less stable to a more stable energy state, 
accompanied by: a) release of energy which is carried away by the ejected 
alpha particles, beta particles and gamma quanta; b)} a radical change in 
the nuclear charge, which results in completely new elements with chemical 
properties differing from those of the initial elements. The following types 
of radioactive decay are known: 

1) p--decay: n>pt+e-t+4v%t; 2) Bt-decay p>n+et4+ vt; 3) electron 
capture: p+e—-n+v+; 4) alpha decay; 5) proton decay; 6) spontaneous 
fission. 

The nature of the decay and the degree of stability of the atomic nuclei 
are completely determined by the combination of nuclear particles and their 
binding energy. The basic rule, whichis completely observed here, is that 
the total energy of the disintegrating nucleus should be higher than that of 
the disintegration products, 

The transformation of chemical elements in radioactive decay is governed 
by well-definedrules: emitting analpha particle, the resulting element shifts 
two places to the left inthe Mendeleev periodic system, andits atomic weight 
decreases by four units; emitting a beta particle, the resulting element shifts 
one place to the right in the Mendeleev table, andits atomic weight does not 
change. These rulesresultfrom atomic structure theory, from which follows 
the existence of isotopes of elements. 

An important law is that of the disintegration of atoms withtime. It has 
been established that the initial number JN, of atoms of a radioelement 
(corresponding to any arbitrary zero time t = 0) decreases exponentially to 
another amount N after t units of time: 


N = Noe-™, 
where 4 is the decay constant, which characterizes the rate of decay of the 
given radioelement. Introducing the half life T, i.e., the time interval 


during which half the existing number of atoms decays, we obtain 


ps Not .. 2.... 0: 
A=Inso/t= tea. 
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The value of 2 is practically independent of the chemical structure of the 
compound to a high degree of accuracy. Only in decay schemes with E- 
capture or with the emission of conversion electrons, Small variations in 
4 are observed (for example, the reaction Be’>,Li’ is 0.015% faster in 
metallic Be than in BeO). 

This law of radioactive decay is borne out for all natural radioelements, 
despite their very wide range of half lives (from T=10~® sec to T=10” 
years). The use of the radioactive decay law makes it possible to solve a 
number of important problems, as for example: 

1) the amount of any radioelement which is left at a given moment (in 
percent of the initial amount): N=Npe%69/T ; 

2) the rate of decay of a radioactive isotope of some element, which 


forms upon the radioactive decay of another element: oN =q(—AN, where 
a is the change in the amount of radioactive isotopes per unit time, q(t) 1s 


the increase in the amount of the first element, and AN is the decrease in 
the amount of the other element per unit time; 
3) the amount of radioelements accumulated by a given time 1 is 


dependent on the rate of formation of atomic nuclei: = (1 — e-4*); 

4) the maximum amount of accumulated radioelement: N= psy 

5) the amount of a radioelement N, (with decay constant 42) which forms 
as a result of the decay of an amount N, of another long-lived radioelement 
(with decay constant (1): 


This derivation of the secular equation of radioactive equilibrium may be 
extended to a series of transforming elements: MiA,=NoA,=Noad3=...3 

6) the ratio of the amounts of successively disintegrating radioelements 
when the rate of disintegration is known and in the presence of what is 
called transient equilibrium: = 5 a - (for As>A, ). 

27 I 

The disintegration and transformation of radioelements is a highly 
complicated internal process, which is independent of the external conditions 
and effects; it always proceeds in a chain, in one direction, from heavy 
and complex to simpler and lighter elements. 

All known radioactive transformations fit into three series, called after 
the parent element of each: the uranium (U) series, the thorium (Th) series 
and the actinouranium (AcU) series [usually termed the actinum series, 
the parent element of which is AcU]. Since natural decay occurs only with 
the emission of alpha or beta particles, which does not modify the type of 
the atomic nucleus with respect to mass, therefore all the members of 
each series are characterized by the same nuclear mass, namely, 4n for 
the thorium series, (4n +2) for the uranium series and (4n +3) for the 
actinium series. The (4n+1) series of radioelements, called the neptunium 
series, has been obtained artificially; it starts from the element neptunium 
93Np~'and ends with the stable isotope of bismuth ,,Bi%?. The sequence of 
transformations in the artifical neptunium series differs appreciably from 
the transformations in the three natural series. First, all the elements in 
this series have a comparatively short half life. Second, it includes many 
elements not encountered in nature (transuranium elements: curium, 
americium, plutonium, neptunium). 
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A fact of interest is that the sequences of transformations in the three 
natural series differ only slightly from one another. In each of them, after 
emanation (in the first series—radon, in the second—thoron, in the third— 
actinon) subsequent transformations down to lead are similar. 

Fach radioelement is characterized by a well-defined energy of the 
emitted radiation. The energies of alpha, beta, and gamma radiation in 
the uranium and thorium series differ strongly, and this forms the basis 
of the methods for analyzing the radioactivity of rocks, minerals, and 
soils. The radioactivity of the latter is determined by the combination of 
radioelements giving alpha, beta, and gamma radiation in each decay series. 

To estimate the gravimetric concentration of long-lived radioactive 
isotopes, which can be isolated in pure form (U, Wes. es. Th Ra), the 
usual weight units (gram and its fractions) are used. For the remaining 
artificial and natural elements a unit based on their radioactivity, the curie, 
is used. This activity unit is equal to 3.7-107° disintegrations/sec. The 
following units are often used: 1 millicurie, equal to 107~° curie; 1 micro- 
curie, equal to 10° curie. 

To avoid the difficulties of a quantitative determination of the radioactivity 
of substances whose elements have a complicated decay pattern (such a 
determination is always carried out by counting the number of particles 
emitted in known decay patterns) or give only gamma radiation, a convenient 
unit based on the equivalent radioactivity of a standard radium preparation 
is used. Thus, for example, one gram gamma-equivalent corresponds to 
the gamma radiation which is equivalent in its effect to the gamma radiation 
produced in 1 hr by the Ra preparation contained in a platinum filter 0.5 mm 
thick. Despite the advantage, the use of these units has a certain 
arbitrariness, since it depends on the spectral composition of the gamma 
rays and the structure of the measuring instrument. 

To evaluate the intensity of the ionizing effect of alpha rays, the uranium 
unit and the roentgen are used. The uranium unit corresponds to the 
saturation ionization flux which is obtained by the emission of alpha rays 
from 1cm°® of chemically pure uranium oxide (U,0,). One roentgen 
corresponds to the radiation dose under which a number of ion pairs, whose 
total charge is equal to lcgs unit, form inl cm? of air at 0°C and 760mm of 
mercury. There are other standards in use, but they will not be mentioned 
here in view of their large diversity. 

For a more detailed treatment of the subject of radioactivity one should 
consult special handbooks /1—3/,. 


§ 2. NATURAL RADIOELEMENTS IN SOIL 


Soils contain all the radioelements existing at the present time. 

Table 15.1 gives those which can be detected by known methods. The same 
table also gives a brief characterization of these elements, in particular 
their half lives and end decay products /4/. 

Since only U, Th, Ra, Io, their decay products and emanations are 
strongly radioactive and widespread in occurrence, there is sense in 
discussing only these elements and some intermediate products of their 
decay. The elements U, Th and Ra usually occur in the mineral component 
of soil and in parent rocks, and under certain conditions may pass into 
aqueous solution. An idea of the concentration of these elements in rocks 
can be obtained from Table 15.2. 
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TABLE 15.1. Radioelements detected in soil and their brief characterization 


en a 


Radio- Half lite End Radio- Half life End 
element (years) products element (years) products 
ote ee hak ee IN 

3 12. He3 Nq!50 5.1010 Pm!s0 
Rie) 5 aaa Ni Sm!47 o 6.7 - 10)! Nd!43 
B x Ca‘e Zu'78(B, y) | 24-10! | HF'76 
Ke ("] 131-109} er wite(g) | 22-107 | HE 
e Ar Re!87 (8) 4.10!2 Os -87 
Ca‘8 (B) 2. 10'6 Sc48 Bi29 (a 97.1017 T1205 
Be Wee teal Np fates RO) te tee poset nec 
age? . a, ’ 7 ’ 
EAE Oe na sett, U238 (a, y,e)| 4198-108 | Pb2°*, Het 
Te!30 ( 14-102! | 130 
La!38(B, x, y) | 7-10! Bal38 


TABLE 15.2. Content of U, Th, Ra (in%) in rocks 


Ultra basic’. 4.5 daxste daar Lie ess 1-107” 
BASIC. ie % Wwe os ic ie ee Os > (eon 8 a 
Intermediate ....eseecseecee are 6-107 
ACid: 2) saunas Sea ane oes eG 12010-" 
Sedimentary (shales and clays)...... 1-1077° 
Granitoids.,.......6. shag odes 25°1074 
Clay S:4 odd ee ee an ead oie OSs 4.1-1074 
GalCareOus: -yneoa ete we WA oe Ean oe eo 2.1°-1074 


It follows from Table 15.2 that there is 4—5 times more Th than U in 
basic rocks. The passage of Ra and U into an aqueous solution is easily 
brought about as a result of rock disintegration; due to oxidation upon 
contact with air, U passes from the tetravalent to the hexavalent form of 
the oxide uO3* Transition into aqueous solution of the biosphere from 
rocks containing ore or granite may take place whenthey are slightly treated 
by, for example, oxalic acid and even when washed with hot water. Due to 
the comparatively good solubility of Rn (Tn, An), U and Ra, they enrich 
surface and underground water. Evaporation of the latter enriches soils 
with U and Ra and often produces insoluble compounds of UO$%* and, finally, 
secondary uranium compounds. As regards Th, itis contained in compounds 
of monazites and other thorium minerals, and in placers. It neither forms 
readily soluble compounds, nor enters aqueous solutions; the end product 
of its decay is thorium oxide, which forms placers of sands. The short- 
lived decomposition products of Th, U and AcU enter the air, 

Speaking concretely of the quantitative content of radium, uranium, 
thorium and ionium in soils, we refer to a number of experiments carried 
out in England, America, Czechoslovakia and the USSR /6—10/. The 
most important contribution here was made by Vinogradov and coworkers, 
who investigated this problem for numerous Soviet soils from the northern 


podzols to the southern chernozems and krasnozems, An idea of this work 
can be obtained from Table 15.3. 
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TABLE 15,3. Content of radioelements in the A-horizon for the main soil types of the USSR (in % of dry soil) 


fo (in equilib- 


Soil type Ra- 10710 U-1074 Th-107° rium units, 
U- 4-107) 
Khibiny. Mountain tundra soil .......... : ; : (1.9) 
MOSCOW... PODZO1; ¢ae'a.ce 6 area elo: we 
Leningrad. Podzolonribbonclays........ ; 12.3 
Tula Region, Gray forest soil ........40. ; 3.3 
Northern Caucasus, Light-chestnut soil (1.9) 
Voronezh Region. Loamy chernozem ...... : : , 2.1 
Tula Region. Brown forest soil ......eees 
Budennovsk, Desert serozem....-+.-200. 
Batumi. KrasnOZ€M «2. eee reece eer vvee 
Moscow Region. Podzol.......2 ee seees ; : . 1.5 


The data of the tables and the corresponding literature yield the following 
results. The Ra content in various soils of the USSR varies between 
0.11-10°' and 1.9-10°"%, The average Ra content in the soils of Europe 
and America varies between 1.5-107' and 2-10°-%. The more clayey and 
the less sandy the soil, the more Ra it contains, The Ra content increases 
(by a factor of 2—4) with depth for gray and forest soils and leached 
chernozems within 0—50—100cm. For soils with a dolomitic calcareous 
parent rock the converse is true. For example, for krasnozem ona 
calcareous substratum, Ra decreases by a factor of four within a depth of 
0 to 50cm (Table 15.4); soils on massive rocks, for example on granite, 
are richer in Ra than soils on sedimentary and sandy rocks. Soils on 
carbonates are enriched with Ra, and soils on igneous rocks have as much 
or somewhat less Ra than the rocks themselves. 

Radium enrichment of soils on calcareous rocks is connected with the 
disintegration of the latter: CaCO3 is dissolved, and Ra is captured by 
BaSO, sediments, migrates and is adsorbed on soil colloids, which is 
confirmed by a rise in radioactivity with increasing colloidal fraction 
content. 

Passing to an evaluation of the uranium content in soil, we note that it 
is found in rocks in the tetravalent state. Most widespread is uranylic ore. 
Oxidation of uranium and its passage into a solution are brcught about by 
the influence of atmospheric oxygen dissolved in natural water, and the 
disintegration of rocks or deposits. This well-known reaction is 


U,05-+ 5 O2 + 83CO3” + 6HCOS —> 3U02 (COs) + 3H20. 


As pointed out, the ready solubility of uranium dioxide and its easy transport 
by water contributes to the contamination of soils. The ion UO2(CO3)3~ is 
the basis of many soluble and mobile salts. Uranyl is detected in the 
majority of stagnant waters. In places without runoff (e.g., in lakes, bogs, 
loose soils, insoluble salts) minerals containing CaO, PO? and Cu 
accumulate. In particular, much U can be found in shales, coal, peats. 

It has been established that organic matter contained in natural water and 
soils may contribute to fixation and transport of U for certain pH values. 

In comparison with U'Y, UY! gives more soluble compounds and natural 

humic acids, and is more mobile. 
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TABLE 15.4, Distribution of radioelements with soil depth (in %) 


Gray forest soil (Kazan’) 


Leached gray forest soil (Tula Region) 


O—S 


Bud 

40—46 2.6 

100—106 200 

Deeper . : 2.7 
100 


Gray forest soil (Crimea) 


a) Dolomite rock 


b) Diorite rock 


Leached chernozem on igneous rocks 
(Crimea, Karadag) 
Igneous rock 


Krasnozem on limestone (Crimea, 
Chair) 


Rock (limestone) 


A considerable role is played by the ion PO? in forming and eroding 
soils, which in the presence of Ca, Pb, Cu forms a series of minerals 
(autunite, renardite, torbernite and others). 


Transport of uranium with water takes place not only by uranyl, i.e., 
the ion UIY, or by organic matter suspended in water, but, in addition, by 
Sludge, ooze and clay particles. In most natura: soils, U is found only in 
small amounts. The amount of uranium contained in the uranium-richest 


soils usually does not exceed 10°*% and only in exceptional cases (near 
uranium deposits) reaches 10-2%. Nearer the surface, the amount of 
uranium rises due to a rise inthe content of organic matter. Aconsiderable 


amount was detected in the roots of plants living on soils rich in uranium. 
In contrast to uranium, thorium is detected in all the investigated soils 
of the Soviet Union. Its concentration varies between 2.3-1074 and 14-1074*% 


The distribution of thorium with depth differs for soils formed on igneous 
rock and soils on calcareous rock. Inthe former case the Th content 

decreases with depth, and this by several orders of magnitude, while in 
the latter case it rises slightly (together with a rise in the amount of 
sesquioxides in the soil). The picture here is qualitatively the same as for 
Ra. Analysis shows that in the erosion process Th largely remains and is 


adsorbed in the soil on the spot, whereas U is easily extracted and migrates. 
with soil water. 

Ionium, Io (an isotope of thorium), is adsorbedin soils on Mn, Se andFe 
hydroxides together with Th. Vinogradov proposed a reliable theory of 
enrichment of the eluviation layer of podzolic soils, in which Io is the 
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source of nonequilibrium processes of radioactive transformation of 
uranium into radium. This theory describes the migration pattern of 
ionium and radium in oceans. From Kuz'mina's experiments (see /4/) 
one can estimate the Io content in various soils and at various levels 


(Table 15.5), 


TABLE 15.5, Distribution of ionium with soil depth (in %) 


Vertical soil profile (cm) 


Ionium content (in U 


Soil type 
li typ equilibrium units) 


Dark-gray..... ..... |A horizon (0—5) 

Brown=gray .. eee eeee B horizon (40—45) 2.6-1074 
Clayey marl ........ 100—105cm layer 2.5-1074 
ROCK (Clay) ip Sad. sw dowe 105cm level 2710" 


Thus, the content of Io is practically constant with soil depth. 

Radioactive gases diffusing from the soil into the atmosphere are 
retained to various extents in different soils and also in the same soil, 
depending on its state and the weather and climatic conditions. Thus, it 
has been established that radon easily migrates and is leached out of soils 
by soil water, and remains in dry soils to a larger extent. The deeper 
the level, the larger the amount of radon. In soils with a high content of 
a colloidal fraction, for example clayey soils, there is more Rn. In frozen 
soils its amount is also larger than in thawed soils. 

Diffusion of Rn into the air is primarily from the upper soil layer. 
Special experiments have shown /11/ that Rn**?, adsorbed by montmoril- 
lonite, may vaporize quite rapidly only in the case of some definite initial 
moisture content, below whichthe crystal lattice assemblies are compressed 
and vaporization is slowed down. The rate of vaporization of Rn from soil 
is affected by the soil mixing, particularly in the moist state. The forming 
radon is then adsorbed by clay assemblies, after which the escape of radon 
from the corresponding minerals is slowed down. By boiling soil water 
suspensions radon is vaporized more than from air-dry soil; the ratio of 
the former quantity to the latter varies from 1.1to5.7. To estimate the 
capacity of soils to retain gases the quantity E is used, which is equal to 
the ratio of the amount of escaping gas to the total amount formed from the 
Th and U contained inthe soil. Such data were obtained for various soils by 


Baranov /12/. 


TABLE 15.6. E for various soils of the USSR /12/(in%) 


Type of soil 


Boggy tundra soil ...,...20.ee00. 


Mountain tundra soil ..,...eeeecee8 87 
PodZolie SOL) vs: a5) 6 scaveiinw Baoan 36 
Medium -podzolic loamy soil....... 18 
Light-chestnut soil ........6.-00% 30 

40 


Loamy chernozem.........-0e4. 
DOSEFE SEIOSEMI. 5) fois) gnceelg- ae cS ee Se ene 
I EASHOZ CMY 2s: i a ah Star ie ties te So ataa ck 


22 
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The usual method of determining the amount of gas in soil air reduces 
to an indirect estimation of its concentration in the air, to which it vaporized 
from the soil. Such determination for various soils gives a concentration 
of the order of magnitude of 10-"—107' curie/cm’. When determining the 
absolute concentrations of radioactive gases in soils, it should be taken 
into account that these gases in soils are not in radioactive equilibrium 
with the parent rock. The soil is therefore usually brought into a suspension 
and the gas is accumulated until equilibrium with the radioelement is 
reached, after which the concentration of Rn, Tn and An is inspected. 

In addition to uranium, thorium and their decay products, the isotopes 
K*° and Rb®” are of great importance for geological and biological processes. 
The decay energy of the latter has a noticeable effect on phenomena taking 
place in the biosphere and the earth's crust. The concentration of Rb®’ in 


TABLE 15.7. Content of natural 
radioactive isotopes in the litho-~ 
sphere and hydrosphere 


In surface, 
underground 
and fresh- 
water sources 
(in grams) 


In soils 
(in % of 
the spes 
cific 
weight) 


U 10° 10° 
Th 107° 
Ra 16-10" 
K40 10 “—10°" 
Rb®? 


the earth's crust exceeds that of uranium, 
thorium and, to a large extent, K*® occupies 
the first place in comparison with that of all 
the natural radioelements due to its shorter 
half life (T =6.15-10” years for Rb®’ and 
T =1,31-10° years for K*’) and the greater 
hardness of its beta and gamma radiation (in 
comparison with Rb°’). Table 15.7 illustrates 
the widespread occurrence of K* and Rb*” in 
the lithosphere and hydrosphere, and gives the 
average content of uranium, thorium, potassium 
and rubidium. 

Of far lesser importance is the presence of 
a group of radioactive isotopes which originate 
from the continuous action of cosmic radiations 
and nuclear reactions inthe stratosphere. This 


group of isotopes includes C4, H3, Be’, B®, Ar*!, S*®, P*, P%, Na??, Cl” 
and others. Of these elements only carbon, tritium and beryllium may have 
some importance for processes in the biosphere and the terrestrial crust. 
Finally, of no importance atallis the following group of isotopes encountered 
in nature (in virtue of the extremely low energy released in their decay and 
their negligible abundance): Ca*8, Zr%6, In!!3, In’, Sn!#4, Te?) Lat38, 
Na, Sm?) Lut wi Re’? Bi269, 

The basic conclusions which may be drawn regarding the existence of the 
natural radioactive isotopes Ra, Th, U, Io, K*°, Rb®’ are the following: 

1. The most stable is Th. The content of U and Io in different soils 
varies by a factor of 1.5—2, but particularly large (up to a factor of 7) are 


the variations in Ra content. 


2. The average content of Ra, U and Th is somewhat lower in soils than 
in rocks. Their concentration in soils developed in igneous rocks increases 
with depth, and in soils developed on carbonates it increases toward the 


upper layers. 


3. The ratio Th/U in soils has a tendency to decréase. Radioactive 


equilibrium ae ~ 


and o does not exist in soils. Equilibrium between the 


decay products of Ra does not exist. 
4, The behavior of Ra largely depends on the presence of sulfates and 
Ba2t, and the accumulation of U in soils is connected with the quality and 


quantity of organic matter. 
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0. The most abundant and involved in the biological cycle are Rb?" and 
K**, The proportion of Rb?! among the isotopes is 27.27%, whereas the 
proportion of K*° is 0.012%. In 50 tons of green plant matter there are on 
the average (in curies): K*?. 765-107 % Rb®’—199-107% C*4—135-107% 
Ra22®_ 4.107% U2 157.10°% H* 1.56-10°", The singular role of K*° and 
Rb®" in soils and in the biosphere is connected with the size of their ion 
radiuses (1.33— 1.42 A), which enables them to remain firmly in the inter- 
assembly cavities of clay minerals. 


§ 3. METHODS FOR MEASURING SOIL RADIOACTIVITY 


Measurement of soil radioactivity means a numerical evaluation of a 
whole set of characteristics of the radioelements contained in it: the weight 
of these elements, the intensity of their alpha, beta, and gamma radiation, 
the radiation energy, sometimes including the decay and transformation 
pattern of the elements, radiochemical analysis of the soil, absorption by 
the soil of beta particles and gamma rays. 

It is beyond the scope of this book to describe the well-known methods 
of measuring radioactivity, the design and layout of the various instruments 
intended for this purpose. We confine ourselves only to some brief 
observations. 

Radioactivity measurement as a rule is done on the principle of 
estimating the ionizing effect ofthe radiation. The corresponding instrument 
consists of two main parts: an ionization chamber, in which ionization by 
the radioactive radiation takes place, and a measuring instrument, which 
makes it possible to determine the intensity of the saturation ionization 
flux or the ionizing effect— pulses of individual particles or quanta. The 
magnitude of this flux serves to measure the radioactivity. 

We refer the reader to the special literature /1— 3, 14—21/, where he 
can find described: 1) all possible types of ionization chambers depending 
on the-radiation being measured (alpha, beta, gamma), on the properties 
of the sample being studied, and on the conditions of the experiment; 

2) various measuring circuits of the ionization and pulse types, layouts of 
particle and quanta counters (Geiger- Miller, Wilson, Rutherford— Geiger 
and many other of their improved versions), scaling devices with numerous 
amplification methods; 3) various methods for recording all types of 
radiation, as for example scintillation, radiographic, radioautographic, 
microradiographic and so on; 4) numerous designs and layouts intended 
for field radioactivity measurements: radiometers of various makes of 

the stationary and mobile types, field beta and gamma radiometers, mineral 
exploration radiometers, etc. 

It is appropriate to consider here only those methodological problems 
which are of specific interest in the field of soil radioactivity. We consider 
below briefly some of the presently most used methods of measuring the 
amount of uranium, thorium and radium in soils, bearing in mind that the 
concentration of these elements in soils is very low and the associated 
difficulties are quite large /12/. 

The vaporization method is widespread due to its simplicity, 
high sensitivity and accuracy in estimating the Ra content, but it gives only 
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rough estimates for U and Th /12/. The point is that in this method Ra, 
ThX and AcX are directly measured, and the content in the parent substance 
is calculated on the assumption of radioactive equilibrium (which, as is 
known, does not exist) existing in the systems U— Ra, Th—ThX, and 
AcU—AcX. 

The experimental layout and the sequence of operations for measuring 
the Ra content in soil are as follows. A carrier (BaCly) is introduced into 
the soil and the sample is fired and fused with a mixture of sodium carbonate 
and sodium hydroxide; hot water is used to leach out sodium and potassium 
silicates, and the deposits of carbonates of Ra, ThX and AcX as well as 
the carrier are dissolved in acid. After the precipitation of these elements 
with the carrier in the form of sulfates, the precipitates of the latter are 
fused with sodium carbonate and converted into carbonates, which are 
dissolved in hydrochloric acid. To measure thoron, a current of air is 
passed through the obtained solution and the solution itself is placed in an 
ampoule which is filled up, and after a two- or three-day exposure (for 
radioactive equilibrium to be established between radium and radon) is 
introduced into an ionization chamber. Measurements start after approxi- 
mately three hours, i.e., after radioactive equilibrium between radon and 
its short-lived decay products has set in. The measurement of the very 
short-lived actinon is more complicated, and can be carried out, for 
example, by the auxiliary-volume method /22/. 

The luminescence method makes it possible to determine very 
low uranium concentrations (down to 107 °%) by comparatively simple means 
and at a high speed, but with an insufficient accuracy of 5— 10%, or in 
coarse versions 15— 20%. First the sample is decomposed by fusing with 
a mixture of an alkali and sodium carbonate, treating with an acid and so 
on. Then by coprecipitating small amounts of tetravalent uranium with 
thorium phosphate or zirconium phosphate /23/ the uranium is isolated. 
Reduction of U®t to U*t is accomplished by sodium hydrosulfite or trivalent 
chromium. 

The extraction method is used to separate uranium with the aid 
of ethyl ether, methyl ethyl ketone, a mixture of the latter with carbon 
tetrachloride and tributylphosphate in kerosene as extracting agents. 
Ammonium nitrate serves for salting out. Other methods for isolating 
uranium are also known: the cellulose column method, the method of 
depositing uranium on a mercury cathode, the ion-exchange and partition 
chromatography methods /24—26/. 

The third stage of the chemical processing reduces to preparing beads, 
i.e., to evaporating the uranium solution with a weighed proportion of 
sodium fluoride, pulverizing the dry residue into powder and fusing in a 
platinum loop. The luminosity of the bead is compared with that of standard 
beads of known uranium concentration. Sources of ultraviolet radiation 
are mercury-quartz lamps, a voltaic arc, spark dischargers, natural light. 

The neutron activation analysis method involves chemical 
separation of the uranium from the sample. This consists of the following 
operations: dissolving the sample, extracting the uranium by ethyl ether, 
evaporating over distilled water after removing the ether fraction, depositing 
the uranium ina platinum crucible /27/. 

The method of neutron activation analysis of uranium consists of 


determining the latter from Ba*°(one of the fission products of Ur); or from 


382 


239 


the activity of Np””” according to the reaction 


9 8 o9 6 93990 sr y235 
go? (1, Y) oU? ara > oD 953 Gay PU D550 ys o™, 


or by comparing the number of uranium fissions in the soil with those in a 
standard sample. Inthe latter version, the accuracy of which is 3— 4%, 

a special double ionization chamber is used to observe all the fission events 
of uranium /28/. Thorium determination by this method is according to 
the reaction 


oo hh’? (n, Y) oo Th? wait x - > 5,Pae® 


Boy 
27.4 days * 


The activity of protactinium- 233 is proportional to the amount of thorium- 
232 in the sample. 

The use of this method for clays and river silt /29/ consisted in 
irradiating the sample (placed in square test tubes) in a strong neutron flux 
for several hours, its subsequent extraction from the reactor and aging for 
the same time and, finally, in chemical-processing of the sample to remove 
Pa?*? from the radioactive impurities resulting from the neutron irradiation. 
Protactinium- 233 is carrier-extracted from solution in dilute nitric or 
hydrochloric acid by diisobutylcarbinol. Isolation of niobium- 95, which 
together with protactinium- 233 passes into organic form, is done by adding 
oxalic acid to the water fraction. 

The gamma-activity of protactinium-233 is measured by a scintillation 
counter with a crystal of sodium fluoride activated by thallium. Protactini- 
um- 233 is identified by the energy of its gamma radiation and half life. By 
dividing the total protactinium- 233 activity of the sample by the specific 
protactinium- 233 activity in the control sample one obtains a ratio equal 
to the amount of thorium. In this case it is possible to detect very low 
concentrations of the latter, of the order of 107 °— 107 1a. The method, 
while of high accuracy, is comparatively complicated both with regard to 
the measuring equipment, and since it requires the use of considerable 
neutron fluxes. 

The mass-spectroscopic method is even more accurate. Its 
sensitivity attains 10° ®_10°-8%, it tolerates imperfect purification, and in 
combination with the isotope dilution method it does not require the 
separation of definite amounts of uranium and thorium. An estimate of the 
uranium and thorium content is obtained by subtracting the isotopic 
composition of the carrier from the isotopic composition of the sample 
together with the carrier. Exact equilibrium between the former and the 
element being determined must therefore be established /30/. 

The colorimetric method of determining U and Th is based on 
a colorimetric analysis of a color reaction which results from the addition 
of organic reagents to the soil /31, 32/. The accuracy of the method 
depends on the degree of removal of impurities which disturb the determina- 
tion of U and Th. The sensitivity attains 10-°g/mlfor U. The reagent 
Arsenazo gives a dark blue color with ionic uranyl (at pH 4.6— 6.0). 
Disturbing impurities are copper, thorium, vanadium, aluminum, rare 
earths, etc. The reagent Toronol, reacting with a hydrochloric acidic 
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medium, gives a rose color with tetravalent uranium. When purifying, 

one must remove SO; , NO?Z , phosphates, oxalates and organic compounds; 
Crit, Th, v3? do not disturb if their amount is comparatively small (6— 

16 times as much as U4"). 

The determination of thorium is also made by means of Toronol, but the 
color of the reaction products of Toronol in a nitric acid or hydrochloric 
acid medium for pH =0.5— 1.5 depends on whether the concentration of Th 
being determined is high or low (respectively a rose or crimson-red color). 
When purifying, one must remove Zr, Hf, Ti, u4tT, Sn2*, Snét, sulfates, 
phosphates, fluorides, carbonates and organic matter. The presence of 
alkali metals, aluminum, calcium, Fe®* lowers the sensitivity of the 
method. Rare-earth elements may also be present. 

The polarographic method determines the U content on the basis 
of the capacity of UO?" to be reduced on solid and liquid-mercury electrodes. 
This method, which allows a continuous and fast determination of the 
uranium content, does not require its separation. For soils it has a low 
sensitivity (up to 10-*%), although the accuracy is often sufficient (2— 3%). 
A rise in the sensitivity by two orders of magnitude is achieved in the 
oscillographic version of the method. On the polarogram or oscillogram 
several uranium waves are discernible (depending on the concentration of 
hydrogen ions and accordingly on the degree of ion reduction) of which only 
the maxima and peaks of the first wave are used. 

The spectral method of determining U and Th is based on 
analysis of their spectra, and recording of the intensity of spectral lines. 
Prokof'ev and Moroshkina /33/ showed that, by combining this method 
with chemical separation of uranium, the sensitivity can be raised to 10° _s 
10°°%, for which preliminary concentration of uranium is necessary. 
Cation exchangers containing uranium are incinerated and taken to analysis. 
Direct use of the spectral method consists in placing the sample inside an 
opening inacarbonelectrode and photographing the spectrum on a highly 
sensitive film by means of a microcamera. The presence of impurities 
lowers the effectiveness of the method very much. The situation can be 
improved by comparing the intensity of the lines of the isotope being 
investigated in the sample with the intensity of the lines obtained from 
standard isotopes of a known element. Such an internal standard for 
uranium was U2" or U2"? added to the sample. Often a standard in the form 
of a combination of U?** and U?"" is used, and this eliminates the necessity 
of counting the background. 


TABLE 15.8. 
Sensitivity (in % of the initial sample) 
emiea Accuracy 

Vaporiga On. sid a-w-tv area dee y-<.e ae 10>” 2 
EUIMINESCENCE qu Wary aes Gl he ooh 10—15 
Mass~spectroscopic 2.2. -.eeeeeee 1.9 
Polarographic in the oscillographic 

METS LOM si sir gues t-te dh ah thee ae o 
DP CCHA se: wnviwie te. wie eed See anes .) 
A TAY SPCCUA) 6. 6 see ew. er a 6 
RadlOpia PANG igo Grist ep ecg dt wea 10 
Neutron activation analysis....... 4 
COIOMME MIC: id -2:e. 826 Sar e ® we as o—10 
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In conclusion we give Table 15.8, compiled by Lyalin and Kozlov /34/, 
in which a comparative characterization of the listed methods of determining 
U, Th and Ra with regard to accuracy and sensitivity is presented. 

In view of the low content of U, Th and Ra in soils, highly sensitive 
methods (vaporization, luminescence, neutron activation analysis, and 
mass-spectroscopic methods), must be used. The latter is the most 
accurate of these. If the accuracy is not very important, and a fast mass 
analysis is required, the luminescence method is preferable. It should be 
borne in mind that analysis of samples without preliminary chemical 
treatment is possible by the luminescence and spectral methods provided 
the concentrations of the elements being determined are considerable (of 
the order of 0.001%). 
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Chapter XVI 


ARTIFICIAL RADIOACTIVITY OF SOILS 


§ 1. THE CONTENT OF ARTIFICIAL RADIOACTIVE 
ISOTOPES IN THE SOIL 


In contrast to natural radioactive isotopes (which form by radioactive 
transformations of elements contained in the terrestrial crust) and nuclear 
reactions produced in the atmosphere by cosmic radiation, artificial 
radioactive substances enter the biosphere as a result of nuclear explosions, 
accidents in atomic devices and disturbances in processes intended for 
storing atomic wastes, as well as from wastes produced by nuclear plants. 
Isotopes from both sources are encountered in the atmosphere, in the water 
of seas, oceans, rivers and lakes, in soils, in plant and animal organisms 
and in the human body. 

We are interested here primarily in the distribution and behavior of 
artificial radioactive substances in the soil, which have appeared since 
1945. It should be noted that the method of obtaining and producing a 
radioactive isotope does not affect its properties. At the same time the 
same isotopes behave differently in the biological respect, depending on 
whether they are natural or artificial. 

The concentration of the former hardly varies in the course ofa 
foreseeable short time interval (if, of course, one does not refer to geological 
periods). Thns, since the time of the formation of the terrestrial crust 
(4- 107° years) the u*** content fell by a thirtieth, K*° content by an eighth, 
the content of the radioactive isotopes Pb?”, Pb*"°, HeZ, Arig rose slightly 
and soon. At the same time, the concentration of artificial isotopes 
sharply rises with each nuclear explosion, changing the whole background 
and intensifying migration processes of contaminants. 

As a result of atomic bomb explosions, nuclear fission fragments of 
nee. elements and some amount of unfissioned nuclear fuel (uyer: Pu2°9, 
Th?*, vs, ...) enter the atmosphere. The colossal energy released 
brings about fusion of nuclei of light elements (D, T), which is accompanied 
by the formation of fast neutrons, leading in turn to fission of the uranium 
jacket of the bomb. In the fission of heavy nuclei a mixture forms which 
consists of 94 isotopes with different half life periods and radiations of 
different natures. Part of these isotopes decays in seconds or minutes, 
another part decays in several hours; Pp®®, sr, y%, zr, sn#5 Cs, 
Eu’®, Bal*® and Xe’?8 decay in several days, Kr®, Sr, Ru, cs8% pm'47, 
Sn) Eu” decay in years or tens of years, and finally, Rb?’, Ze, Car”, 
Na! and Sm“? decay in millions of years. 

The decay products may emit either only beta particles, e.g., Sr” and 
Cs, or only alpha particles, e.g., Nd“ and Sm’, or beta and gamma 
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radiation simultaneously (most of the fission fragments). Owing to the 
different rates of decay of the individual products, their mixture is unstable 
in time, exhibiting a tendency to enrichment by long-lived isotopes and to 
appearance of daughter decay products. The total activity of fission 
fragments is approximately estimated by the formula A=A)t*, where A, is 
the activity of the mixture for t equal to one day, A is the activity t days 
after the fission, and x is equal to 1.5— 1.22 for a mixture with age up to 
200 days. 

A considerably smaller source of radioactive centamination of the 
atmosphere, watersheds and the soil are the wastes of atomic industry. 

This book will not be concerned with: a) the estimation of the total 
amount of radioactive contaminants ejected into the external environment 
by atomic explosions, and a separate determination of the most dangerous 
of them (Sr, Geet Cee Ru’"® and so on); b) the determination of the 
rate of rise of contamination since 1945 to the present time in various 
geographical zones of the USSR; c) the estimation of the relation between 
the radioactive contamination and its concentration in the water and in the 
atmosphere, in the soil, in the plant and animal world; d) the description 
of the mechanism of radioactive contamination penetration from the strato- 
sphere through the troposphere into the surface layer and the soil, and in 
the influence on the migration of radioisotopes of atmospheric conditions, 
sizes of fallout particles, condensation conditions in explosion clouds, 
the role of precipitation in the fallout of radioactive aerosols; e) the 
description of the settling pattern of radioactive aerosols on the surface 
of soils as dependent on the degree of turbulence of the surface atmosphere, 
the nature of the surface itself (e.g., its roughness), and the scale of the 
fallout. 

We turn to the available data in the literature on the distribution of 
radioactive contaminants, namely that of long-lived decay fragments, which 
after all transformations and migrations arrived at the earth's surface. 
Although there is direct correlation between radioactive fallout on the soil 
and air contamination, these quantities cannot be regarded as following 
each other. Even a shift in their maxima is observed /1/. 

Thus, for example, the highly contaminated atmosphere at latitudes of 
25— 35° due to the small amount of precipitation gives less fallout on the 
soil than the atmosphere at latitudes of 40— 50°, from which high precipita- 
tion deposits on the soil its whole, comparatively small amounts of 
contaminants. Of course, in places where the air contains an altogether 
small amount of radioisotopes, as in equatorial zones, substantial fallout 
to the soil cannot be expected. As an example, Figure 16.1 gives the 
latitudinal distribution of the surface density of Sr”? in atmospheric 
precipitation (curve 1) and in the soil (curve 2), which existed at the end 
of 1958. It will be seen from this figure that the maxima in each hemi- 
sphere occur at 40°— 50°, the maxima of the two curves for these latitudes 
being shifted a few degrees. Most interesting is the fact that the absolute 
values of the maxima in the Northern Hemisphere aré several (3— 4) times 
as high as in the Southern Hemisphere. In the interval 20°— 60°N, where 
82% of the population of the globe is concentrated, the Sr”? fallout is 2.2 
times as large as the world-average value. 

As already pointed out, the minimum fallout is at the equator. Very 
large variability in the amount of fallout is observed to depend on the 
climatic conditions within the same geographical latitudes, According to 
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data published in 1960 /2/, the accumulation of Sr”? in the soil in a number 
of regions may differ by a factor of 10 and more, depending on the climatic, 
meteorological and soil conditions. 

According to a number of authors /3—5/, 92 mcurie of Sr*’ had entered 
the atmosphere by the end of 1958 as a result of all nuclear explosions which 
had taken place. Of this amount, a considerable part had already fallen on 
the surface by the end of 1960 /6/. Of the totalamount of 13.5—16.5 mcurie of 
Ce: injected into the atmosphere by the end of 1960, only 1.0 mcurie had 
remained in the stratosphere. The ratio of Cs ‘37 and Sr°*’ fallout is, 
according to various determinations, 1.5—1.8. 


curie /km? 


G60 WD 0 0 W 3 40 6 0 


North South 0 
Latitude, deg 1954 1955 1956 1967 1958 1999 1960 
FIGURE 16.1. Latitudinal distribution of the surface den- FIGURE 16.2. Accumulation of beta-active 
sity of Sr®” in fallout (curve 1) and in the soil (curve 2) at products falling in the neighborhood of 
the end of 1958. Leningrad during 1954—1960, 


In addition to these general figures (obtained on the basis of calculations 
which take into account the total power of nuclear explosions, the yield of 
fission products, and so on), of interest are data which characterize the 
fallout density of individual radioisotopes at various points of the globe, 
namely, local fallout. 

Quite a lot of such data have appeared in the last few years /7—-14/. 

In investigations conducted in various countries, considerable attention 
is given to the geographical distribution of fallout in time, the rate of fallout 
of individual radioisotopes, not only Sr” and Cs’3", but Ce’, Ce, Sr®®, 
Ru’, Ru’ Zr and Y" as well, and other allied problems /15— 30/. 

Of special interest are Sr®™ and Cs?3%, owing to their great hazard (long 
half life, high yield in the fission reaction). The chemical similarity to 
Ca and K increases the possibility of Sr and Cs entering the living organism. 

Many investigations deal with the fluctuation in the amount of fallout on 
the soil as a result of regular explosions. An example of fallout accumula- 
tion near Leningrad is given in Figure 16.2, from which can be seen the 
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general growth, the attaining of a maximum and the subsequent fall-off 
after 1959 in the total amount of radioactive products, as well as the 
decontamination in the intervals between individual explosions. 

On the background of the mean diurnal fallout (at mid- latitudes of the 
order of 107° curie/m* /31— 33, 5/) the deviations in individual days may 
be extremely large. A sensitive method of analysis here is to estimate 
the concentration of the total amount of beta-active decay products (a 
sensitive and highly indicative index) for contaminations arising as a result 
of the decay of short-lived radioactive products (fresh explosion products). 
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FIGURE 16.3. Fallout dynamics of the tota] amount of fission products 
and of individual radioisotopes in the neighborhood of Leningrad during 
1957—1960. 


Figure 16.3 presents data on radioactive fallout from 1957 through 1960 
in the region of Leningrad. The largest fallout occurs in the 1958 period 
of intensification of nuclear explosions. The maximum in the first half of 
1959 originates from the fallout of radioactive particles left after the tests 
in the stratosphere. Since the second half of 1959, due to the stopping of 
nuclear explosions and the clearing of the stratosphere, eorout on the earth 
sharply decreased: Sr” and Cs’*’ by 1/12, Ce**! by 1/97, Sr® by 1/24, 
and Zr”? by 10/366. In 1960 fallout decreased still further and the percent- 
age in comparison with 1958 was 9.9 for Ce™’, 17.0 for Sr” and 23.6 for 
Cs'**, some decay products were not detected at all: Ce’) Ru’, sr®, 
Zr /11—13/. Similar data were also obtained for other regions, 
apart from those affected by the explosions continued in the Sahara /15—23/. 
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Important in this connection is the fact that fallout on the soil mainly 
takes place with precipitation. Thus, in Leningrad on days without preci- 
pitation the fallout amounted to slightly more than 6— 20% of that on days 
with precipitation. This direct relation between the amount of precipitation 
and the amount of radioactive fallout is invalid in the absence of contamina- 
tion in the troposphere. 

In conclusion we give some examples of the accumulation in recent years 
of individual artificial radioactive isotopes, detected at various points of 
the globe /2, 3, 22, 13/. Figure 16.4 gives the increase in the Sr”? and 
Sr” fallout in England from 1954 to 1960, and Figure 16.5 gives the amount 
of Sr” fallout at various points during 1958—1959 only. Finally, Figure 16.6 
shows the accumulation of Sr™ and Cs’®” near Leningrad from 1957 to 1960 
/34/. 

It should be noted that when calculating the amount of fallout on the soil 
surface, allowance was usually made for radioactive decay (see Figure 16.6), 
but a number of factors leading to a decrease in radioactivity on the soil 
surface (penetration into the soil, transport by ground water, erosion, and 
so on) were not taken into account. 
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FIGURE 16.4. Cumulative deposition of Sr” and the fallout density of Sr®? in 
England during 1954—1960, 


In this approximation one can estimate the total fallout density of various 
radioisotopes during a definite time interval. Thus, for Sr™ in Leningrad 
it was equal to 7.08 mcurie/km* (during 1954— 1957), 8.1 meurie / km’ 
(1958— 1960) and 14.3 mcurie /km? (1954— 1960) /35/. For Cs}9’ the fallout 
density in different years is 1.5— 2.4 times, and on the average twice as 
high as for Sr, and for the Leningrad regicn during the same period (from 
1954 to 1960) it is estimated at 27.6 mcurie/km’. 

Figure 16.7 gives an idea of the amount of other radioactive products 
accumulated in the Leningrad’region. Thus, for example, by the end of 
1960 the amount of (Zr+Nb)**, Ru’*& (Ce +Pr)'*® which had fallen on the 
earth's surface was respectively 0.25, 28 and 60mcurie/km’. 

Plant and animal organisms take up radioactive decay products from 
the soil. It is therefore extremely important to clarify the following 
questions: a) what is the content of radioisotopes in different soil layers; 
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b) what is the adsorption of various 
radioisotopes and their capacity to 

be retained in soils or to participate 
in ion exchange; c) what is the mobility 
of radioactive products in the soil as 
related to its character and chemical- 
mineralogical nature, structure, 
physical state, density, moisture 
content, aggregation, pH, rate of 
movement of ground and soil water, 
infiltration capacity of soils and so on; 
d) whatis the possibility of artificially 
modifying the amount and mobility of 
the most dangerous radioisotopes in 
the soil. 

The complexity of the enumerated 
phenomena and the abundance of factors 
affecting them forces us to illuminate 
some of them only briefly. The first 
problem to be solved is the content 
of long- lived fission products (such 
as Cs'*" and in the first place Sr”) in 
soils. By using radiochemical analysis 
or data on the density of fission product 
fallout from the atmosphere it is 
possible to determine the Sr”? content 
in a given region. Table 16.1 contains 
data on the Sr’’ accumulation in the 
upper soil layers at all latitudes of 
1—USA, New Jersey; 2—-USA, Utah; 3—Japan, the globe /36/ from 1956 to 1959 (in 
Hiroshima; 4—USA, Pennsylvania; 5—Hawaiian mcurie /km’) and, consequently, the 
Islands; 6—Austria, vena) me California dynamics Of ihre accumulation: 

(Los Angeles): BUS California (Richmond); ThE able: chow es that at he-eell 
9—United Arab Republic; 10—Kenya; 11—Rho- ; 90 
desia: 12— Brazil: 19—Australia, as in the atmosphere, the highest Sr 
content is observed in the zone 20°— 
60° N latitude and the lowest content 
at the Equator. The latitudinal difference in strontium content is very large, 
reaching a factor of 10 and more. For the same location, due to the 
intensification in nuclear explosions, there was a threefold rise in the Sr” 
content in the soil (New York, Damascus), and for Oahu and New Zealand 
even a fivefold rise. 

From this general picture we pass to concrete examples in the Leningrad 
and Moscow regions. Here the process of Sr” accumulation and its behavior 
in the soil was investigated in much detail (Tables 16.2 and 16.3). First, 
it should be noted that the Sr®’ content in the soil of the Leningrad area fits 
into the general table of the latitudinal distribution of this radioisotope, 
amounting to a value of the order of 2— 2.5 mcurie / km? in 1956 and 7.3— 
7.8mcurie /km* in 1959— 1960. This corresponds to the concentrations 
which, at the 60° latitude, are observed in Alaska /2/. The fourfold rise 
in the Sr” content in the soil of the Leningrad Region during the period 
from 1956 to 1960 corresponds to the world-average rise in the amount of 
this radioisotope. 


Senet mcurie Jam? -month 


FIGURE 16.5. Sr°° accumulation at a number of 
points of the globe: 
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FIGURE 16.7. Accumulation of radioactive decay prod- 
ucts near Leningrad (1954—1960). 
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TABLE 16.1. Dynamics of Sr*° accumulation during the period 1956—1959 at various points of the globe 


: Binge Geographical 
Place of investigation Fi 


, latitude 

s ! 
Bordo (Norway) .....ee. amen ee N | 8.94 20,1 
Palmer (Alaska)......... mane % 61 34 “s 4,22 8.59 
OS10° % seein ort so legates ete Set SR 4.53 11.20 | 161 
PACIS) rig: esate al enerae ue Woarderene aaene 1 AS rae: 7.70 13.9 
OUAW A a a 6s: See ee ecestetacnaen 45 24 3.87 §.75 19.8 
BIORENC Oy: 3p G26 seid tece aad ael ane eee 43 47 15.6 20.4 
New York....... pete We eugt aoa 40 43 9.41 13.2 14.30 25.6 
Philadelphia: wieaea eee eS tens 40 40 Bs0E §,87 ive 
DOK VON sardeiret ising Rietie tious Gia: eee ee 35 41 _ — 10,7 25.8 
LOS\ANGELES. 6 wee bos re we ae BO-o1 Roel 3.04 7.42 <a 
Danmiascus.< 4-33.46 bk eae a eae ee 33-29 ; 1.94 — 5.04 — 
Oahu Islan, oi 6 eee oca we Se aw aoe eee ~~ 3,30 13.0 _ 
Dakkar...... 
Manilla ...... 
Leopoldville 
Buenos Aires .. 
Wellington ....... 


South Canterbury . 


TABLE 16.2. Sr content in the upper soil layer of the Leningrad Region (in mcurie/km*) /34/ 


Date of investigation 


Place of investigation Oct. 1956 Oct. 1957 Nov. 1959 | Nov. 1960 


ZEIENOGOISK 5) oooh as eee a ws se oa | 1.8+0.5 ! 2.6+0.1 | 5,740.6 7.140,2 7,.8+0.5 
Gatchina....... inicoedeswma ) @8408 ~ S 5204.1 T9406 | 7840.5 | 60404 
Petrokrepost' ........ eet ana as | = §.4+0.6 7.440,2 7,640.1 
Average content for the Leningrad | 

RE GLOW «9: Se care, oS ee BL Be oe 2.0+0.5 2.0 +04 7.3 40.6 | Tot4+0.5 7.8 +0.5 


TABLE 16.3. Sr™ content in the upper soil layer of the \foscow Region (in mcurie /km’) 


Region of JunesAug. | June-Aug. 
investigation ee 1056): ay | eee SERS ARON 
Krasnopol'e Soddy-medium podzolic soil on 2.2+0.2 | 3.240,2 : 71.7+0,3 §,.6+0.4 
heavy loam 
Rainenskoe Soddy-slightly podzolic soil on 2.0+0,2 2.9+0,2 7.9+0,0 : 8.8 +0.2 


fluvio-glacial sand | | 


Zvenigorod Soddy-podzolic soil 2.14+0,2 3.2+0,2 | 7.6+0.5 8.3 +0.3 
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The saime conclusions are 
reached from an analysis of 
the Sr” content in the upper soil 
layers of the Moscow Region / 8, 
37/. It varies from 2.0— 2.2 
mceurie/km” in 1956 to 8.3— 
8.8mcurie/km* in 1959. These 
figures are fairly stable for the 
various regions of the area in 
which the radioactivity of different 
soils was studied. 
FIGURE 16,8. Cumulative fallout of Sr” (1) and its Highly curious is the correlation 
content in the soil (2) in Zelenogorsk in 1956—1960, between the amounts of S790 fallen 

on the soil surface and found inside 
the soil. Depending on the year, 

this ratio varies for the Moscow Region from 1.4 to 2.8 with an average 
value of 2. This ratio is particularly clear from a comparison of the two 
curves plotted for the Leningrad Region (Figure 16.8). The dynamics of 
the fallout accumulation (curve 1) and of the content in the soil (curve 2) of 
Sr™ shows that in this region too their ratio tends to 2 /34/. 
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§ 2. ADSORPTION OF ARTIFICIAL RADIOISOTOPES 
BY SOILS 


The question of the adsorption of radioactive products in the soii is of 
great importance since it determines the mobility of radioisotopes, the 
intensity of their adsorption by soils and, consequently, also their capacity 
to penetrate into plant roots. 

Adsorption of radioisotopes, as already pointed out, depends on many 
factors. Sucha factor as the chemical- mineralogical composition of the 
solid soil matrix has an undisputed influence on the soil's capacity to retain 
radioactive isotopes. It has been observed that certain isotopes (for 
example, cesium) are retained between layers of mica, feldspar, illite, 
vermiculite, in the solid phase of the soil /38/. 

The presence in the soil of elements chemically close to certain isotopes 
contributes to the substantial retention of these radioisotopes in the soil. 
Calcium is an element similar in its properties to Sr™ and therefore any 
addition to acid soils of compounds of the type of CaCQO3 or CaSO, raises 
the absorptivity with respect to strontium and reduces its mobility /39, 40/. 

Potassium and sodium have properties similar to radioactive cesium, 
and therefore the addition of any compounds containing K and Na also 
increases Cs?’ retention /41/. Iron resembles cerium in its properties, 
particularly with respect to hydrolysis, and therefore the introduction of 
ferrous compounds should bind Ce in the soil /38/. Cesium is the 
element most strongly adsorbed by the soil, and consequently least likely 
to be taken up by plants. 

Strontium is less strongly adsorbed by soils. Then follow cerium, 
zirconium, niobium and yttrium, which are comparatively well adsorbed 
by soils. A fairly weak adsorption power is displayed by ruthenium /42/, 
Since the soil adsorbs only the cationic form of ruthenium. In an acid 
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medium the order in the sorption properties is probably different. 

The degree of acidity of soils exerts an appreciable influence on the 
adsorption of radioactive isotopes. It is true that for a number of elements 
(e.g., zirconium, niobium, cesium) the degree of soil acidity is practically 
immaterial (with respect to adsorption), but for cerium and ruthenium itis 
very important. Thus, with an alkaline soil solution, adsorption is more 
intense and complete. For radioactive cerium, which is best adsorbed 
from neutral solutions, the pH of the soil has a particularly important 
effect /40, 41/. The adsorption of radioisotopes by soil depends not only 
on the enumerated factors, but also on a number of others, such as the 
aggregation and mechanical composition of the soil. 

In fact, it has been observed that the adsorption of Ce’ is connected, 
among other things, with the total surface area of the soil particles, and 
consequently, with the texture /38/. This may explain, to some extent, 
the greater adsorption of fission products by clayey soils, which contain 
smaller amounts of coarse fractions and silt than sandy soils. 

Of course, such separation of factors is practically impossible. In 
soil all the factors act simultaneously in a complicated combination. This 
is why one cannot explain by texture alone why some soils retain radio- 
isotopes better than others. Analyzing why peat, chernozem, calcareous 
loams and clays adsorb fission products better than sandy, bicarbonate 
and stony soils /39, 43, 44/, one should bear in mind the whole set of 
operating factors, both those enumerated above (the chemical- mineralogical 
nature of the solid phase of the soil, the nature of the soil solution, the 
texture) and the hydrophysical properties of the soil (the level of the ground 
water, the soil moisture flux rate, the hydrophylic properties of the soil, 
and so on). All these factors apparently also determine the movement of 
radioisotopes. 

Of course, the migration of the latter also depends on the meteorological 
conditions, amount of precipitation, etc. Thus, it has been established that 
Sr”? fallen on the soil surface may be leached 
out by rain from the upper layers; and its 
penetration into deep layers is proportional 
to the amount of precipitation /45/. It has 
been found that this process is very slow 
1000 even under strong showers; Sr” may reach 
a depth below 15cm only in small amounts 
and only after several years. 

In some cases, as for example in sands, 
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sa which have a high infiltration rate, showers 
very rapidly leach the Sr” from the upper 
layers into the soil interior. In other soils, 
Oat 6.8 UO 2B almost all the strontium concentrates in 
Depth, cm the surface layers. Data are given in the 


literature to the effect that 80% of alli the 
Sr”? contained in soils are adsorbed in the 
upper five-centimeter layer /2, 46/. 

Observations of the Sr” distribution over 
the soil profile in the Moscow Region showed /37/ (Figure 16.9) that most 
of it (95%) is contained in the upper ten-centimeter layer and most of this 
is concentrated in a layer 2— 38cm thick; deeper down, the concentration 
of Sr” falls off sharply /37/. 


FIGURE 16.9. Sr distribution with 
depth in soils of the Moscow Region, 
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The same picture is also observed for soils of the Leningrad Region 
/47/, where 60— 80% of the total amount of strontium is concentrated in 
an upper layer 5cm thick, after which the concentration falls off very 
rapidly (exponentially) with increasing depth. Laboratory experiments with 
natural soil samples placed in narrow, long glass tubes and irrigated, have 
shown that 80— 90% of the Sr” entering from the soil surface was retained 
in the upper four-five centimeters in chernozem and soddy-podzolic soil, 
and 63% in the upper six centimeters in sandy soils. 

In experiments under field conditions in which solutions containing the 
radioisotopes strontium, cesium, ruthenium, zirconium, niobium, etc. 
were introduced at the surface, analysis of soil samples taken from various 
depths showed that after 4 months traces of the radioactive isotopes are 
observed at a depth of 10m. The activity falls off appreciably from the 
surface to 3—4m, and slowly below 4m /40/. In addition to vertical 
movement of radioisoisotopes, they were also observed to migrate hori- 
zontally /39, 40/. In experiments conducted in an experimental well, 
traces of an introduced radioactive mixture were detected seven meters 
from the source, and strontium, cesium, cerium, zirconium, niobium and 
ruthenium already disappeared at a distance less than three meters. These 
results refer to an acid and saline medium. Otherwise, the range of 
spreading of the isotopes reduces to tens of centimeters. 

To understand the adsorption of fission products by soils it is necessary 
to turn to the physicochemical mechanism of ion exchange in colloidal 
media, which is beyond the scope of the book and which we may mention 
only very briefly, to the extent necessary for understanding the general 
behavior of artificial radioisotopes in soils. 

Soils exhibit a considerable capacity for cation exchange, which is 
partly due to the capacity to exchange the high-molecular humic acids 
contained in them and to a large extent to the cation-exchange properties 
of the mineral component of the soil system, its nature, structure, 
mechanical composition (amount of clay minerals), humus content and so on. 

There exist various explanations of the ion-exchange properties of the 
mineral components of soils /48—50/. Thus, well-known is the theory of 
the permanent charge of the crystal lattice, a charge which forms as a 
result of an electrostatic imbalance of the lattice, caused by isomorphous 
replacement of the lattice cations by cations of lower valence. Another 
theory explains the appearance of charges as due to dissociation of OH 
groups situated at edges, corners and fractures of the lattice. Most likely, 
both causes act in combination. 

The permanent charge inherent in minerals of the montmorillonite and 
hydromica groups is independent of the pH. The character of this dependence 
was studied in detail both theoretically /51— 53/ and experimentally /54— 
65/ for various soils in different pH ranges (mainly for high salt concen- 
trations) /54—62/. With a general tendency for a rise in the intensity 
of the ion-exchange reaction with increasing pH, one observes linear, 
curvilinear, and sometimes discontinuous variations. 

The theoretical basis of ion-exchange equilibrium in soil is Nikol'skii's 
equation /53, 66/ obtained from thermodynamical considerations: 

ga, 
B70," 


—K (16.1) 
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where g; and g are the activities of the ions of the I and II kinds in the 
exchange phase, a;, a, and 2,, 2 are respectively their activities in the 
solution and the valences. The applicability of this equation to soils, the 
conditions when it is not valid, and the soils for which it is most suitable 
are treated extensively on the literature /67— 82/. 

The main conclusions which may be drawn are that equation (16.1) is 
applicable to soils only in principle; the most important reason consists in 
the inhomogeneity of the sorbent exchange groups which possess different 
binding energies with the exchanged ions. As a result there arise exchange 
hysteresis, nonconstant stoichiometric equilibrium constants, a change in 
the activity coefficients in the solid phase, a difference between the exchange 
constants in places with high and low binding energy, and soon. The 
departure from the law of mass action shows up particularly for low 
saturation levels of the exchange complex and small amounts of ions 
participating in the exchange. 

The law operates satisfactorily for ions of equal valence (e.g., S 
Ca*t), A problem of interest is the applicability of the law of mass action 
to the exchange of microquantities of the long-lived radioisotopes Sr? *, 
Cs*, Ce3t on various soils. On this problem there are only few data, and 
these refer not to soils, but to bentonites and kaolinites. 

For soils this problem has been recently studied in detail by Kokotov 
/83/. He also corrected a number of concepts widespread in physical 
chemistry which are used for evaluating sorption processes in ion-exchange 
phenomena, suchas the selectivity coefficient and the distribution coefficient. 
The former characterizes the selective sorption power of a sorbent with 
respect to substances contained in the system. Its magnitude depends on 
the conditions of the experiment, the nature and concentration of the sorbed 
ions and the character of the soil minerals. This concept has various 
formulations /84— 88/, but most successful seems to be the following 
definition / 83, 87, 88/: 


+ 
r? r] 


= Te. (16.2) 


where I; and Ivy, C; and C, are the concentrations of the sorbed ions in the 
sorption phase and in the equilibrium solution. The ratios I,/C,=K4a and 
P./C2=Ka, are the distribution coefficients between the sorption phase and 

the solution, and characterize the selectivity of the sorbent to the given 
substance under the conditions of the experiment. It is possible to relate 
the distribution coefficients to the earlier derived exchange constants, which 
for the sorption of microcomponents from a solution took the form /89/ 
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where S is the exchange capacity, 1, y2 and f,, f, are the activities of the 
first and second ions respectively in the sorption and liquid phases. 
Equation (16.3) represents the exchange isotherm. It serves for 
describing the sorption of microcomponents in the presence of macro- 
components and is the basis for comparing sorbent selectivity with respect 
to various microcomponents. Comparison of the selectivity of different 
sorbents (of I and II kinds) for a given ion is made with respect to their 
distribution coefficients and on the assumption that the properties of the 
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ion exchangers are Similar and the activity coefficients are equal to unity, 
by the formula 


Ky S C, “1/44 16 4 
x -[(a}(s)] o— 


Nikol'skii's equation (16.3) can be used for calculating the equilibrium 
of two macrocomponents. We then obtain 
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where V is the volume of the solution, ¢ is the weight of the solid phase, 

n is the total amount of the second component and m the total amount of the 
first component in the system. The use of (16.3) for calculating the 
equilibrium of a microcomponent and a macrocomponent yields 
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The same equation serves as a basis for the following selectivity formulas: 
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and, in particular, for the microcomponent 
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Finally, the distribution coefficient can be related to the percentage 
(8) of sorption and the percentage (n) of ion left in the solution after sorption: 


6 V _ 100—-y V “Wee 2 
te 7 d 100--R od ' (16.9) 
. 100 V7. 100 i 


= 


Consider some experimental results on adsorption by soils of the most 
important long-lived fission products, namely, Sr®°, Cs**7 and Ce“*. We 
turn first of all to the adsorption of Sr?° by soils. To date an extensive 
literature has been accumulated describing the effect of pH on the distribu- 
tion coefficient of Sr®° in its adsorption by various soils: a) by serozem 
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from nonsaline aqueous solutions and from a solution of 4H: NaNOs, with a 
maximum on the curve Kasr=] (pH) for pH= 9.2, and indicating increased 
adsorption of Sr’° by soil from saline solutions when PO} is admixed /90/; 
b) by podzol with low exchange capacity, with a maximum on the curve 
Kisr=/ (pH)in the case of titration of solution of NaOH, NH,OH (a maximum 
for pH =7) and Ca(OH), (the maximum is shifted to pH=5) and indicating 

a shift of the maximum toward higher pH when strontium ions are admixed 
/91/: c) by various soils with different contents of stable strontium and 
with all possible admixtures of alkali metals, indicating a decrease in the 
maximum (for pH =10.5) and even its complete suppression upon the 
admixture of stable strontium above 0.001 S (Sbeing the exchange capacity) 
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FIGURE 16.10. Kg (for sr’) vs, concentration C of FIGURE 16.11. Ag (for Sr’) vs, the concentration 
a calcium solution added to the soil: C of calcium solution added to the soil: 
The abscissa gives the negative logarithm of the Com parison of the experimental (solid curves) 
concentration. The family of curves is calculated with the calculated (dashed curves) data, 1— 
for an initial distribution coefficient of 1000 for southern chernozem; 2—kaolin. 


different valucs of the exchange capacity. 


Investigations of various aspects of the exchange nature of Sr®? adsorp- 
tion by all kinds of soils were conducted both outside /93—101/ and in the 
USSR /102—112/. Ina series of experiments Klechkovskii et al /102—106/ 
studied Sr® adsorption by many soils both from nonsaline solutions and 
from solutions with various concentrations of CaCl), KCl, and soon. It 
was established that, as a rule, salt solutions reduce strontium adsorption, 
the magnitude of which from CaCl, solutions is smaller than from KCl 
solutions. Replacement of cations by calcium has a small effect on the 
adsorption by soddy-podzolic soils and reduces the adsorption by krasnozem 
and chernozem. The value of Kasr then varies with V/d,. 

The general conclusions which follow from an analysis of the literature 
indicate the presence of a maximum onthe curve K,zs;=/(pH), a shift of the 
maximum toward higher pH and a decrease in its height when the amount of 
stable strontium is increased, a decrease in Sr®° adsorption by soils upon 
admixing salts and increasing the acidity of the medium. The whole 
adsorption process has an exchange character. 
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Kokotov /83, 113, 113/ obtained a series of interesting results. He 
determined the dependence of the distribution coefficient of Sr®° on the 
dilution of the soil suspension for various soils (Figure 16.10) and explained 


the rise in Ka with _ and the effect of saturation or transition to a constant 


value of Ku. after some definite dilution. From general considerations of 
the theory of ion exchange he derived working formulas, and from these 
obtained experimental curves for the dependence of the distribution 
coefficients of Sr®° on the concentration of calcium (or strontium) solution 
added to the soil (Figure 16.11). Kokotov also accounted for the successive 
decrease in the effect on the value of Ka of strontium, of solutions of such 
cations as Sr+>Ca**>Mg**>K+>NH? >Nat when added to soils. 

It has been established for the main soil types of the USSR that the 
distribution coefficients of Sr®’ when adsorbed from nonsaline solution are 
independent of the initial specific activity of the solution. A clearcut and 
high selectivity of soils with respect to microscopic amounts of Sr®® has 
been revealed. A correlation between the migration processes of cations 
and salts in the soil and the relative amounts of calcium and other bivalent 
cations in the exchange complex of the soil has been demonstrated. In 
soils containing considerably less bivalent cations than the full exchange 
capacity, the distribution coefficients are small and part of the calcium 
ions in the adsorbed state are replaced by hydrogen and aluminum ions; 
the amount of salts in the soil solution is extremely small. 
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FIGURE 16.12, Ky=f (pH) (Sr®”) for soils of the FIGURE 16.13. Kg=/f (pH) (Sr°”) for soils of the 
first group: 


second group: 


1—krasnozem; 2 and 3—strongly podzolic soils of 1—leached layer; 2 and 5—chestnut-brown soils of 
the Smolensk (2) and Arkhangel'sk (3) regions; 4— Kazakhstan (2) and Saratov (5); 3—zheltozem; 4— 
tundra soil; 5—soddy-slightly podzolic soil. soddy-gley soil; 6 and 7—dark- and light-gray soils. 
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Highly saline soils have a high selectivity to Sr™, this selectivity being 
higher with increasing exchange capacity. Finally, a number of soils with 
a very large distribution coefficient contain very little salt; replacement 
of bivalent cations and aluminum in them hardly occurs, and the amount of 
cations in such soils is close to the exchange capacity. 

Kokotov's results show that the function Kasr=/ (pH) for all the 16 soils 
investigated has a maximum at pH=6—10.5 and sometimes a second 
maximum at pH=11.5—12. For podzols and krasnozems, in which the 
amount of calcium is smaller than the exchange capacity and the mobility 
of cations is considerable, the maximum lies between pH = 6—7.5. For 
serozems, which contain much calcium, the maximum occurs at pH =10— 
10.5. The remaining soils occupy an intermediate position with respect to 
calcium content and salt transport, and their maximum on the curve of 
Kasr=f{ (pH) is accordingly situated between pH =7 and pH = 10. 

Leaching of calcium ions from soils is conducive to an increase of the 
maximum and its shift toward lower pH. Typical examples of such curves, 
obtained by Kokotov, are shown in Figures 16.12— 16,14. 

From the physicochemical viewpoint, the shape of the curves Kasr=/ (pH) 
is prefectly clear: as the exchange capacity and the pH rise, the adsorption 
of Sr°° increases up to the moment when competition arises for the exchange 
places due to large amounts of macrocomponents entering the system (e. g., 
sodium ions in comparison with calcium ions), as a result of which Kasr 
decreases. 

The practical conclusions of the experiments are self-evident. By the 
addition of macrocomponents it is perfectly possible to modify the form 
of the curve Kzs;=/ (pH) and shift its maximum, which makes it possible 
to determine the optimum conditions for Sr’° adsorption by soils, as well 
as to single out the best adsorbents among them. In this connection not only 
is the amount of the macrocomponent of great importance, but also its 
nature (the exchange constant, its valence, etc. ) and that of the sorbent. 
Replacement of the Doe by the next macrocomponent in the series Na‘, 
Mg’, Ca? at ; Ore: Ba? + reduces the height of the maximum on the curve 
Kasr=f(pH) ae shifts it in the alkaline direction. 

Replacement of the calcium ion by a magnesium ion increases the 
maximum and shifts it toward lower pH. The addition of aluminum or iron 
ions to podzols reduces the maximum without shift, and the same macro- 
components added to calcium-saturated soils cause a reduction of the 
adsorption and a shift of the maximum toward higher values of pH (11.5—12) 
(Figure 16,15), 

On the basis of the above it is possible to lower the pH of soils by adding 
salts of various cations to achieve desorption of Sr°° as a result of the 
competition of the added macrocomponents and thereby reduce the exchange- 
capacity saturation of the soils. This way of decontaminating soils, based 
on leaching the soils by solutions of appropriate reagents and carrying the 
Sr®° from the surface to deeper soil layers, will be considered in §4 along 
with other methods of soil decontamination. 

We turn to the sorption by soils of another long- ved radioisotope, 
namely cesium-137,. Various aspects of this problem are dealt with in 
many works /80, 83, 90— 98, 102—106, 108, 113—126/. 
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The following general conclusions are reached. The distribution 
coefficients of cesium-137 for the main soil types are independent of the 
Specific activity ofthe initial material. Soils display a high selectivity to 
microscopic amounts of cesium, which exceeds the selectivity of these 
soils to microscopic amounts of Sr”, The adsorption by soils of the main 
mass of Cs’*" is very fast, but cornplete equilibrium does not set in for a 
fairly long time, for there is a whole number of places to which Cs'* does 
not penetrate. 
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FIGURE 16.14. Ky=/f (pH) (Sr?) for soils of the third FIGURE 16.15, Effect of thc macrocomponent 
group: content in a system on the nature of the curve 
= ~ 90 - 
1 and 2— Kursk (1) and southern (2) chernozems; 3— Ka =f (pH) (Sr) for chernozems: 
continuously well-cultivated soddy-slightly podzolic 1—natural; 2—from Kursk +40 g-equiv/100g of 
soil; 4 and 5—serozems of Ashkhabad (4) and Tashkent calcium: 3— from Kursk, leached up to peptiza- 
(5). tion. 


When macrocomponents are added, adsorption of Cs!* by various soils 
proceeds differently than in the case of Sr” adsorption. The greatest 
influence on the distribution coefficient is exerted (in contrast to Sr?’) by 
univalent ions: cesium, rubidium, potassium, ammonium and hydrogen 
ions, the order being as follows: Cs, >Rb*>NH4s2A*. Bivalent ions and 
sodium ions have a weaker effect on Kacs. On the basis of data of /83,125, 
126, 127/ this series may be extended: 


Cs* > Rb > Ba®* > Sr°t > K> Na> Ca’? > Mg’* > Lit. 


We thus encounter here a departure from the usual laws of ion-exchange 
adsorption; this may be explained in various ways, particularly as being 
due to the low hydration of the cesium ions in the solution /83/. The 
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practical conclusion from the above is that the method of decontaminating 
soils from cesium by leaching has not been proven effective. Only 
displacement by highly concentrated solutions of rubidium, potassium and 
ammonium salts can be considered, and this is extremely uneconomical. 

Study of the dependence Kics=f(pH)shows the existence of a maximum 
for all soils in the range pH=6—7 and the high selectivity of soils to 
microscopic amounts of Cs!*" in the whole range pH > 2 with high absolute 
values of Kagc; (Figure 16.16). It is justified to assume that minerals of 
the illite type, contained in Cambrian clay, are responsible for the high 
selectivity of soils to Cs'*’; this is confirmed by the similarity of the 
curves Kacs=/(pH) for soils and for Cambrian clays. 
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FIGURE 16.16. Kg=/f (pH) (Cs87) for various soils: 


1—southern chernozem; 2—soddy-=podzolic soil; 3—chest- 
nut-brown soil; 4—serozem; 5—soddy-strongly podzolic 
soil, 


Analysis of thromatograms shows that sorption places are divided with 
respect to Cs! selectivity into two sharply different groups, of which the 
first has a strong capture of Cs’*" and a very difficult desorption; this is 
characteristic of the fixationmechanism, i.e., ofthe irreversible mechanism 
of adsorption. In this case no amount of leaching is sutficient for desorption. 
This is not the place to consider the features of the fixation mechanism, 
which arises in minerals with a lattice of the open type and consists of the 
penetration of ions into gaps of the crystal lattice of the mineralogical 
matrix of the soil with the formation of a stable structure. Important in 
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this process are the hydration of the ions, the radiuses of the ions, the 
polarizability of the ions and the nature of the mineral (for more details 
see /128, 129/). 

Movement of cesium ions over sites of the second group takes place by 
the usual ion-exchange mechanism, which is characterized (as already 
pointed out above) by high selectivity to cesium. Thus, in contrast to Sr®° 
adsorption, where ion exchange is the only mechanism, Cs’*" adsorption is 
brought about in a mixed way—by ion exchange and fixation. 

Turning to the problem of cerium-144 sorption by various soils, we 
refer to the earlier-cited work of Amphlett, Rodes, Bronn, Priesinger and 
Thomas, Winckler, Spitsyn and Balukova, Timofeeva and Titlyanova, and 
recently Kokotov. The latter studied Ce'** adsorption by soddy~-podzolic 
and chernozem soils and the effect of the addition of various salts on 
adsorption, as well as Ce™* desorption by solutions of nitrates of various 
cations and by nitric acid. The following was established: 

1) High selectivity of these soils to Ce'* (the selectivity: of soddy- 
podzolic soil is lower than that of southern chernozem, due to the smaller 
exchange capacity). The addition of sodium nitrate and calcium nitrate to 
southern chernozem raises Ce‘** adsorption, and the addition of sodium 
nitrate to soddy-podzolic soil does not affect Ce adsorption, whereas the 
addition of calcium nitrate definitely reduces it. The introduction of 
aluminum nitrate reduces Ce‘** adsorption in both soils, which is particular- 
ly noticeable in the case of soddy-podzolic soil; effective in this respect is 
the addition of nitric acid. 

Hence for Ce™“* desorption by leaching it is desirable to use solutions of 
an acid, of calcium nitrate, of iron salt, of aluminum, as well as a number 
of complexing agents, consisting of simple compounds of cerium with 
Trilon B and organic acids, like oxalic acid and tartaric acid, as well as 
sodium citrate. 

2) The dependence of Ce’ adsorption on the pH is also expressed by a 
curve with a maximum. The nature of these curves is explained as follows. 
A rise in pH raises the power of Ce’ adsorption by soils as a result of an 
increase in the exchange capacity and a decrease in competition by hydrogen 
and aluminum ions. As the pH rises further, hydrolysis of the cerium ion 
begins, which for quite high pH values ends with the formation of negatively 
charged radio-colloids which are not adsorbed by soils. All this accounts 
for the decrease in adsorption in the alkaline region after attaining a 
maximum, 

However, the subsequent rise of the curve at very high pH is apparently 
due to the fact that a considerable concentration of sodium ions causes 
coagulation of radio-colloids. The conclusion that Ce!** adsorption by soils 
decreases as the pH increases does not extend to saline solutions, whose 
adsorption above pH=7 remains practically constant up to pH =12. 

Adsorption of other radioisotopes such as ruthenium and yttrium in soils 
was considered in /130/, in which a dynamic method of investigation is 
used, instead of a static one, i.e., not by studying the interaction of the 
soil suspension with the solution until sorption equilibrium is established, 
but by studying the interaction in the case of slow flow of the solution 
through a soil sample. Analysis of experiments has shown that ruthenium 
and cerium occupy an intermediate position between strontium and cesium 
with respect to mobility, the least mobile of them being yttrium whose 
desorption is insignificant. 
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§ 3. MIGRATION OF ARTIFICIAL RADIOISOTOPES 
IN SOILS 


Radioisotope adsorption alone cannot serve as the only criterion when 
considering possible movement and redistribution of decay products in soils. 
Only by studying the transport mechanism of radioisotopes along with 
adsorption can one form an idea of the character and quantitative indexes 
of possible methods of soil decontamination and create effective methods for 
controlling radioactive contamination of soils. 

Radioisotope migration in soils is based on the phenomenon of ion 
diffusion in an adsorbing dispersed medium. Study of ion diffusion processes 
in soil helps in analyzing salt migration in soil (see, for example, /131— 
134/), transfer of fertilizers and all kinds of nutrients, accumulation and 
availability of phosphates, exchange of phosphorus and calcium between 
plants and soil, etc. (see, forexample, /137—146/), the mechanism of 
moisture movement and the mechanisms of moisture binding to soil particles 
/147—149/. 

We may refer to a number of works dealing with the general theory of 
ion diffusion in a dispersed medium, of which a simplified, semiempirical 
approach is characteristic. Thus, in some of them it is considered possible 
to neglect the interaction between diffusing ions and the solid particles of 
the soil system /148, 150—154/; in others the soil is assumed to be a 
simple system of capillaries of a sinuous form, a cylindrical or close to 
cylindrical form as well as of spherical particles arranged in some 
symmetrical packing /155, 156/, 

We describe below the essence of a simplified, but fairly reliable, 
theoretical scheme of ion diffusion in a dispersed two-phase medium, which 
assumes the presence of a two-phase 
equilibrium flow through the liquid and 
its adsorption on the solid matrix /157/. 

Assuming diffusion to be a one- 
dimensional process, which takes place 
along the x direction (Figure 16.17), 
the author succeeds in expressing the 
balance of ions in an infinitesimal layer 
of thickness dx for a variable cross 
section s=qg(x). The total variation in 
the amount of matter in the solution is 


FIGURE 16.17. Schematic drawing for calcul- 
ating the ion-balance in the diffusion process. 


Am = m,— m,— m3, (16.10) 


where m, is the flow of material entering the given layer, mp, is the flow of 
material leaving it and m, is the rate of material adsorption by the solid 
phase. 

The relation between m, m2 and m; for aninfinitesimal layer is determined 
from the adsorption isotherm n=f(c), where nis the amount of material 
adsorbed on 1 gram of the solid phase, and c is the concentration of material 
in the liquid phase. 

To an infinitely small increment dc in the concentration in the liquid phase 


a ee ‘ an ° ; 
corresponds an infinitely small increment dn =-——dc in the concentration 
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in the solid phase. Therefore, 
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(for water AM = W, where W is the relative moisture content), Since 
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where Dp, is the diffusion coefficient (in the latter expression higher-order 
infinitesimals are omitted). 

Denoting the total cross section of the column by 5S =const, it is possible 
to represent the variation in the amount of material in an infinitesimal water 
layer by 


oc 
Am — OT So ax at. 
Thus, 


ac WD, 0’c ds dc 


yy ae ( Ge ae os) (16.11) 


This equation can be solved if the adsorption curve n=f(c)is known and 
the function s=/[(x) is given. To bring the problem to operational for n the 


following simplifications are made: a) s= const; b) a =const= K (K being 


the coefficient of material distribution between the phases). The equation 
of diffusion in an adsorbing medium then becomes 


dc __ WsD, Ge __ py Oe _ dyW?Dy 0% (16,12) 
Ot) =W+HK ox? Ox? ~ W+K Ox?? 


where d, is the specific weight of the medium; dW=8@ is the volumetric 
moisture content. This equation can be solved easily, since the coefficient 


D of ae is constant. If the concentration at the surface *=0 at 1= 0 is 


Ox 
represented by a 6-function, the solution of (16.12) will be 


C(x, 1) = Lg Wr, (16.13) 
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An experiment with a soil core sample on the surface of which radioactive 
Sr” is deposited in the form of SrCla, and a study of the concentration of 
the Sr”? ions diffusing into the sample convince one of the correctness of 
the solution (16.13), since in accordance with it the experimental straight 
line Inc=ax?+6 is obtained (Figure 16.18). 
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FIGURE 16.18. Parabolic dependence of the concentration of Sr°° ions 
diffusing into a core sample. 


This result is confirmed by the assumption regarding the variation of the 
diffusion coefficient D, with moisture content. This function is linear for 
nonsorbing media (K =0), quadratic for strongly sorbing media (K>W) and 
intermediate for moderately sorbing media. In fact, experiments yield 
(in accordance with (16.12))alinear behavior for the function D=/(W) in the 
case of quartz sand (Figure 16.19). A departure from linearity 


Dx WsD, _ doW?D, (16.14) 


is observed for chestnut-brown soil and chernozem (Figure 16.20); in the 
case of the latter, for example, K is 1000 times as nigh as for sand. 

The departure of the curve D=/(W)=/,(6) from quadratic form in the case 
of chestnut-brown and chernozem soils is apparently due to the inadequacy 
of the idealized model which assumes the soil to be a system whose pores 
have constant cross section. For such soils experience shows the existence 
on the curve D=/(6) of a point of inflection for the moisture content corre- 
sponding to capillary rupture. 

Following the above, the distribution coefficient in chernozem is constant 
(the average K calculated by (16.14) is 20.9+1.6), and for quartz sand, for 
example, is strongly dependent on the moisture content, probably due to the 
presence on the sand surface of soluble contaminants whose concentration 
is inversely proportional to the sand moisture content /158/., 

The previous considerations are based on the assumption that the 
adsorption isotherm is linear, because the concentration of radioisotopes 
in the soil is negligible in comparison with the volumetric moisture content 
and the diffusion coefficient is independent of the concentration. If we 
remove this limitation, a more complicated equation results /159/: 
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The technique of measuring the diffusion coefficient is fairly well 
developed /157, 158/. The soil is crushed and passed through a sieve 
with 1mm holes (quartz sand is washed by 1N HC] and distilled water to 
remove the acid). Further, a column consisting of a series of intercon- 
nected glass rings is filled up as homogeneously and uniformly as possible 
with soil of a given moisture content. An amount 5— 50 mcurie of Sr” is 
deposited on the soil surface in the form of drops of SrCly solution or by 
placing on the soil a small dry disk of filter paper which has been impreg- 
nated by a solution with a given concentration of the isotope. After 
hermetically sealing the column, the latter was left for 1— 15months, 
depending on the moisture content. After the indicated period the column 
was cut into sections, in each of which the count rate and average moisture 


content were determined. 
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FIGURE 16.19. Diffusion coefficient FIGURE 16.20, D= f(W) (Sr): 


of Sr” ions vs. moisture content for 
quartz sand, 


1—for chestnut-brown soils; 2—for chernozem; 
3—for soddy-podzolic soils. 


The diffusion of Cs**’ is much less studied Owing to its high sorption 
properties. Here we may also refer to the work of Prokhorov et al. /160/, 
which was conducted on soddy-podzolic, slightly loamy soil with an exchange 
capacity of 8.7 m-equiv/100g in the Leningrad Region. 

The technique of measuring Cs?’ diffusion in soils is based on simul- 
taneous determination of the distribution coefficient as well. The soil was 
placed in hermetically sealed metal tubes with caps at the ends and with 
transverse slits. In the middle of the sample was laid filter paper 
impregnated with a CsCl solution of a concentration of 50mcurie, so that 
there were 0.05 mg of salt for 3g of soil in each section. The calculation 
was based on a particular solution of the diffusion equation for an infinitely 
thin layer. To determine the distribution coefficient, centrifugation was 
carried out in special test tubes with weighed soil portion d to which was 
added a volume V of the initial solution with specific activity 4s. Measure- 
ment of the activity A of the soil solution, hermetically closed for 12— 32 
days and having undergone centrifugation, made it possible to determine 
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the distribution coefficient from 
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After carrying out such measurements for Kacs, the authors /160/ 
naturally expected that, taking place only in the liquid phase, the diffusion 
phenomenon should yield 


and since Kacs/Kasr = 20—250, it was assumed that Ds,>Dcs. Experiments 
have shown, however, that the magnitude of the diffusion coefficients for 
Sr™ and Cs**” is practically the same for slightly loamy soil. Apparently, 
the basic effect in the diffusion of Cs” ions is due to movement in the diffuse 
part of the double layer, which can be seen from other investigations 
/161—163/. 

According to /162— 164/, one can express the diffusion coefficient D 
making allowance for the movement of some of the ions in the solution and 
for the movement of the adsorbed ions and represent it as a sum of two 
terms D’ and D”: 


r y WhD KeD 
D= Dt DY = RE OER 
where g and hf are the ratios of the mobilities of the adsorbed and non- 
adsorbed ions to the ion mobility in the pure solution. 

Calculations by this formula show that the mobility of adsorbed Cs" ions 
amount to 0,002— 0,003 of that in a free solution, and the fraction of their 
participation in diffusion is of the order of 92— 98%. We may thus conclude 
that there is no correlation between the mobility and adsorption power of 
Cs}*" ions in soil, that Cs**” has an anomalously high diffusion capacity, that 
the role of Cs?"’ fixation processes in the given soil is small and that ions 
largely prevail in the double layer, and the migration mechanism predom- 
inates in this layer. 

Even less studied is the diffusion of cerium-144 in soil. Special 
experiments in this field by a somewhat modified technique were carried 
out by Prokhorov /165/ with the same soil which he used for experimenting 
with Sr® and Cs'®", The modification of the technique is due to the 
Ones lower rate of diffusion of cerium in comparison with Sr” and 
Ce 

Paraffin-coated metal tubes with screw- lids screwed at the ends were 
filled to a height of 1cm with soil of known moisture content, and then to 
the same height with the same soil of the same moisture content, but with 
a Ce’ addition with an activity of 1Omcurie/ml. Before the experiment 
all the soil was held for a long time in a closed vessel. The tube was made 
jointed with slits 5mm apart and with a slit at the interface between the 
radioactive and nonradioactive soil zones. After half a year the moisture 
content and diffusion coefficient of each zone were measured. 

Diffusion in such a system is considered in Schofield's work /166/, and 
the diffusion coefficient is then b==|-=,]. where /, and /, are the count 
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rates in the initially nonradioactive and in the labeled zones of a sample 
with a length 2L=2cm; t is the time of diffusion transport. Experiment 
shows that the coefficient D obtained is tens and hundreds of times smaller 
for Ce‘ than for Sr®™ and Cs’*", and is of the order of 107 %cm?/sec. When 
the moisture content rises from 0 to 40%, the diffusion coefficient in soddy- 
podzolic, slightly loamy soil rises by approximately a factor of 5. Owing 
to the high adsorption and low diffusion capacity of Ce'* ions, a not very 
pronounced migration of Ce'** can be observed. 


§ 4. MEASURES FOR CONTROLLING RADIOACTIVE 
CONTAMINATION OF SOIL 


Of the many possible methods for controlling accumulation of long-lived 
residues of radioactive decay, we consider briefly three of the most effective 
measures. They may be called chemical, electrical and biological methods 
of soil decontamination. 

The chemical method. Chemical methods of decontaminating soils 
from especially dangerous radioisotopes, such as Sr, cs'*’7, Ce, are 
based on the use of the sorption power of the latter and the diffusion rate 
in the given soils. 

As pointed out in $2 of the present chapter, addition to soils of salts of 
different cations and the reduction of their pH lead to desorption of Sr” as 
a result of competition by ions of the added microcomponent and the 
decrease in the exchange capacity of the soil. This is the basis of the idea 
of decontaminating soils from Sr” by leaching with solutions of certain 
reagents, transferring it from the top to lower- lying layers. 

Two papers /101, 167/ describe field experiments involving the leaching 
of soil sections soaked with concentrated solutions of calcium chloride, 
sodium chloride, iron chloride, sulfurous and hydrochleric acids. The 
leaching was carried out by large doses of irrigation water (10— 15 times 
the norm). The best results were obtained with cations of higher valence 
(most effective was ferric chloride, then hydrochloric acid, calcium 
chloride, sulfurous acid, and last of all sodium chloride which was relative- 
ly quite ineffective). Of two soils with similar exchange capacities, but 
with different acidities, better leaching (the main part of the Sr”? was 
washed out to a depth of 90cm) was displayed in the case of the more acid 
soil. 

These experiments demonstrate in principle the possibility of leaching 
soils by salt and acid solutions. At the same time, large amounts of 
reagents, corresponding to 1.5— 2 times the exchange capacity of the soil, 
are required for effective leaching. In addition, it should be borne in mind 
that only calcium salts are suitable in practice, since all the other 
compounds are phytotoxic. 

Similar conclusions also follow from /83/, in which an analysis of 
leaching was performed in chromatographic experiments with soddy-podzolic 
soil. In these experiments strontium- 89 was used in place of Sr”, which 
provided hard beta radiation, although in this case the 10% of Sr” left, 
which increased as the Sr*” decayed, caused the appearance on the chroma- 
tograms of an additional maximum which complicated the analysis due to the 
appearance of the daughter decay product of yttrium- 90. The leaching 
method can apparently be used for soils with low exchange capacity. 
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The literature dealing with ion-exhange complexing chromatography 
describes a number of attempts to evaluate complexing agents from the 
point of view of their selective powers to extract Sr” from soil /167— 171/. 
A rigorous analysis of the problem showed that none of the existing 
complexing agents as yet satisfies the requirements. 

The leaching method becomes impractical when applied to Cs'“", since 
the value of Kics is affected only by cesium, rubidium, potassium and 
ammonium ions. Effective in this case are only highly concentrated 
solutions of these salts. Apparently, one may count on partial desorption 
on light soils when potassium and ammonium fertilizers are added. The 
conclusions that the method of leaching Cs'*’ from soils is ineffective are 
confirmed by dynamic experiments and chromatograms. Sufficiently 
promising complexing agents and displacers for cesium ions have also not 
been found. The same conclusions should be drawn with regard to leaching 
soil by solutions of salts and acids in order to decontaminate if from Ce 

A different picture is found when the method of anion-exchange complex- 
ing chromatography is used /172, 173/. An extensive series of dynamic 
experiments with various solutions (performed by Kokotov) led to an 
effective result when a special mixture consisting of equal volumes of 0,02 
{M] solutions of calcium nitrate and Trilon B was used for leaching soils. 
Although the reagents used in this case are comparatively expensive, 
this method should be included in the general set of soil decontamination 
measures. 

Another chemical method which essentially is not aimed at decontaminat- 
ing soils, but of bringing long-lived radioactive decay prcducts to a state of 
low solubility in order to prevent their migration to plant roots, was 
developed by Mel'nikova et al. /174, 175/, who proposed introducing into 
the soil salts of alkali metals and ammonium, whose anions form relatively 
insoluble salts with strontium. Admixtures of K3PQ,4 prove to be the most 
effective. The introduction into the soil of tripotassium phosphate resulted 
in a decrease of 1/17 (for a dose of 0.001 ucurie per 1g of soil) and 1/50 
(for a dose of 0.lucurie per 1g of soil) in the Sr” content in oat leaves. 
The effect is particularly large when the K3PQO,4 additions correspond to the 
exchangeable calcium of the soil. 

Attempts to introduce instead of K3PQ,4 ordinary fertilizers such as 
superphosphate and phosphorus flour have not been successful owing to 
the weak displacement of calcium from compounds by microscopic amounts 
of Sr*’. However, the introduction of large doses of phosphates of alkali 
metals may be considered justified in virtue of their prolonged period of 
action (up to the third year after introduction), 

Another very interesting possibility of radioactive contamination control 
is a system of measures aimed at preventing radiostrontium uptake by the 
root system. In this respect we may mention: a) efforts to reduce uptake 
by special methods of soil treatment /176, 177/, which proved to be 
ineffective; b) efforts to reduce uptake by plant roots by liming the soil 
with carbonates and sulfates in order to create a high concentration of Ca 
ions and satisfy plant requirements of alkali earth metals owing to the 
calcium. An increase of the sorption properties of the soil and a stronger 
fixing of adsorbed radioactive decay products is also produced by organic 
fertilizers or, even better, combinations of lime and organic fertilizers 
introduced into the soil /178, 179/. Analysis shows that in this case the 
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of potassium in combination with various fertilizers reduces Cs ” in the 


crop. This method is especially effective in the case of light-textured, 
acid soils poor in calcium. 

The electrical method. Highly effective is the electrical method 
of deactivizing soils (artificial acceleration of cations toward the cathode 
by a direct electric current with their subsequent extraction from the 
cathode region). Electric decontamination of soils from radioactive 
substances is based on electrical transfer of ions, which should be regarded 
as a process of ion diffusion due to an electric field. 

However, in such a medium as soil, electrical transfer is complicated 
by the fact that cations in the soil solution, cations adsorbed on the soil, 
and cations in the double layer near the surface of soil particles have 
different mobilities and each makes a different contribution to the total 
cation flux. A correction should be made to this for the electroosmosis 
effect, which arises due to the transport in an electric field not only of 
cations, but of the soil solution itself. 

In /181/ the movement of ions in soil as a three-phase medium is 
considered. In two phases— the soil solution and the double layer— ion 
transport may take place, and the tnird phase— the soil matrix— is capable 
only of adsorbing them. In the latter there is no cation movement, and 
only strong adsorption of ions; this is indicated by a number of publications 
concerned with the movement of K* and Cs* ions in the soil /25, 81, 91/. 

The basis of the calculations is thus the idea of ion movement in the 
volume of the solution and along the diffusion layer. Using certain 
assumptions (that it is possible to average the concentration of ions in each 
phase in a direction perpendicular to the motion of the cations, that it is 
possible to average the numerical values of the mobility, that adsorption 
equilibrium is established faster than any appreciable variation in concen- 
trationthat may arise in each section) the authors succeed in setting up a 
reliable quantitative model of electromigration in soil, in estimating the 
effective values of cation mobility and in constructing a theoretical model 
as a basis for a practical method of soil decontamination from radioactive 
substances. We give below a short description of this investigation. 

Let ci, C: and c; be the ion concentrations respectively in the lst, 2nd 
and 3rd phases. Equilibrium is determined by the given adsorption 
isotherms ¢C2.=/(c1), cs=@(c2). The quantities V;, V, and V;are the volume 
fractions of each of the three phases in the total volume of the system; 
p=Vici:t+V2ee+ Vscz; is the mean cation concentration over all the three phases; 
s; and s, are the fractions of the first and second phases in the total cross 
section of the system; u; and uw, are the electric transport velocities of 
cations in the first and second phases. The functions c.=/f(c:) and ¢3=@(c2) 
give the relations between the concentrations in these two phases, and for 
microcomponents (in particular, for radioactive contaminants in soils) 
these adsorption isotherms are fairly close to linear: c.=kic, and c3=hocm. 

The differential equation for such a nonsteady electric transport (quasi- 
diffusion) in the presence of an electric field (of intensity E and assumed 
equal in both phases of the system) will have, as shown in the field of 
chromatography (in the study of the spreading diffusion of a zone of substance 
moving through a granular adsorbant) and for semiconductors (in the study 
of electrodiffusion and self-diffusion of impurities through a material), the 
form 
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Here D is the effective quasi-diffusion coefficient of the process in 
question, and uw is the effective velocity of the cations in afield E. If we 
introduce the effective mobility U, then 


where F is the Faraday number, and g is the actually observed ion flux in 
the medium being studied. 

From the above equations the following expressions for u and U may be 
written: 


OC OC, 
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Since c.=ic; and c3=k2c2, and using the result for the case k,=0, for example 
in the presence of a mechanism of Sr” adsorption alone and in the absence 
of insoluble strontium compounds, we may write 


ya Via t+ UrAdKa 
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Here Kz is the coefficient of strontium - 90 distribution between the soil and 
the soil solution, d,, d; and d, are respectively the densities of the first and 
second phases and of the soil regarded as a solid system, W is the soil 
moisture content, W,) is the weight of water in the diffusion layer. Now we 
may introduce some corrections Au,;and Au, for the ion mobility in the first 
and second phases due to electroosmosis. This increases the value of the 
diffusion mobility. The mobilities actually observed are therefore 


U,=u,+Aua, U,=ua.+ Any, 


where 


U, =u, U, =, 


Au,=\’ Au,=V" 


It is natural that 


According to calculations of Prokhorov, Mel'nikova and Krasnoshchekova 
/181/ for capillaries, 


Au=aru, 
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where ris the ion radius, and a is a quantity dependent on the thickness 
and structure of the double layer and the capillary diameter. In this case 
it is possible to express the effective cation mobility U by a simple linear 
relation in terms of the cation mobility u in the absence of electroosmosis: 


Ux(ita)z, where a, = const. 


The initial equation of electric transport is solved subject to the following 
initial and boundary conditions: 

a) p(x, 0)=po for all 0<x<i, i.e., the concentration of cations in the 
whole space was initially constant and equal to some value py; 


b) p22) — yp 


dp (Il, 
c) pel. —up 
In other words, the ions can move in space (along x) from one electrode 
(x =0) to the other (x =/) and cannot reach beyond the electrodes. The 
solution of equation (16.16) subject to the above boundary conditions is /182/ 


2A sat m+1,—-A 
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Equation (16.17) is written in terms of the dimensionless coordinate y= = 


and time os in addition the notation A= we is used. As t—oo, 


equation (16.17) describes steady-state conditions which are characterized 
by a time-independent distribution of cations only along the coordinate. 
Then 


eA y 


p=2Apy eA t. 


Apparently, it is unnecessary to reduce the process to a steady state, 
in which the number of cations carried by the electric field to the cathode 
becomes equal to the number of cations diffusing in the opposite direction 
due to high concentrations. It is more expedient to confine the process to 
a time interval which is sufficient for the maximum possible lowering of 
the contamination level and which is determined by the values of u and D. 
At the same time, the concentration of the remaining contaminant rises 
in the direction from the anode to the cathode, and at some point 


attains the initial level p,. Along the whole distance from the anode to the 
point x, the contamination will amount to the following fraction of the total 
amount of contamination: 
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In general, a distance x, (from the anode), at which a fraction n of the total 
amount of contamination is contained, can be found in the form 


Xq = ay In [rn (eA — 1)+ 1]. 


As can be seen, to calculate the degree of decontamination and to estimate 
the spatial region in which it should be carried out one must know such 
quantities as u and Ka. To look for the actual ion velocity u, it is convenient 
to perform the experiment in conditions when initially all the substance is 
concentrated in a very thin layer at the anode. Due to a field E the zone of 
contamination begins shifting toward the cathode. By measuring the 
displacement Ax during the time At, we find the mobility by the formula 
U=t . As regards the distribution coefficient Ka, which is the ratio 
of the concentration of the adsorbed to that of the nonadsorbed artificial 
isotope (for strontium this is Kasr), in virtue of its sharp dependence on 
the salt concentration of the soil solution measures should be taken by 
adding salts in order to shift the adsorption equilibrium in the soil toward 
the solution in which ion mobility is higher than in the double layer. 

The theoretical approach developed here forms the basis of a whole 
number of experiments performed in the Agrophysical Institute. The 
investigation was carried out with soddy-podzolic, slightly loamy soil of 
the Leningrad Region. The soilwascrushedto passailmm sieve and placed 
in a small electrolytic cell of transparent plastic. Filter paper soaked in 
a solution of Sr®8°(NO,). was dried and affixed at the boundary between the soil 
and the anode. The soil was saturated with water or a salt solution, and 
the anode and cathode chambers were filled with it. 

About 24 hours after the establishment of adsorption equilibrium an 
electric field of 2— 5v/cm was applied to the electrodes. Complete 
saturation of the soil with liquid eliminated secondary effects due to the 
presence of a moisture gradient. Measures were taken that the liquid 
excess at the cathode, arising from electroosmosis, flowed down into a 
vessel, and its deficiency at the anode was replenished. The possibility of 
sample heating was eliminated. 

The migration of Sr?+ ions was estimated from the count rate by a 
DA- 1000 (""Tobol'') radiometer with a T-25 BFL counter, placed in a lead 
shield with a slotted diaphragm. Since the device allowed moving the sensor 
under the cell, it was possible to measure the radioactivity distribution 
along the length of the sample. 

The experiments showed that Sr?" moves to the cathode, which can be 
seen from the maxima of the Sr®® distribution curves /83/. The decrease 
in the value of the maxima as one moves toward the cathode is due to the 
broadening of the zone in the process of electrodiffusion. Determination 
of the rate of displacement of the maximum made it possible to find the 
mobility and u., 

It was observed that the concentration of the solution saturating the soil 
very strongly affects the velocity or mobility of the Sr** ions. Thus, when 
passing from pure water (for which U=6-107 6am? sec !v- 1) to solutions 
with concentrations of 0.01N, 1.0N and 1.0N Ca(NOs)g, the values of U are 
respectively 3: 107°, 6-10°° and 1.1-10°*cem* sec” v7, In the absence of 


adsorption, Sr2* ions would have a mobility of 0.47: 107 3cm?- sec. v7’; 
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1 
however, the experiments give for water-saturated soil a mobility 30 this 


1 
value, and for soil saturated with 1N solution, ri this value. 


Consequently, the mobility of adsorbed Sr?" ions is lower than that of 
ions in the solution. As the concentration of the salt solution rises, a 
larger number of strontium ions passes into the solution, and the effective 
mobility becomes especially high in 1N solution. From the Sr?+ velocity 
data we find the rate of displacement of the concentration maximum, which 
is equal (for E=0.1v/cm) in water-saturated soil to 0.05cm/24hr, and 
in soil saturated with a solution of 0.1N Ca(NO3)2 to about 0.5cm/24hr. 

When comparing the velocity of the flux of Sr*+ ions with the velocity 
of the osmotic current it was found that in pure water they are about equal 
(of the order of 2-107°°cm/sec), and in a solution of 1N Ca(NO3), the 
osmotic current velocity decreases to half, and the velocity of the ions 
increases by a factor of 11. The lower the concentration of the soilsolution, 
the larger the effect of the electroosmotic factor. 

It appears that in pure water the Sr2* ions are in the double layer, and 
when the concentration of the soil solution is raised, an increasingly larger 
part of the cations pass with increased mobility into the solution, thereby 
compensating for the decrease in velocity which results from the smaller 
osmotic current. 

The general conclusion which can be drawn from these and other 
theoretical and experimental considerations is that the electroosmotic 
effect is not particularly important in the general electric transport of ions. 

Of interest are experiments concerned with the distribution of Sr over 
the length of the cell with the soil sample for the case of initial uniform 
distribution of the isotope. These experiments assume that the specific 
activity in the whole region from the anode to 0.6 of the length of the whole 
cell attains 1— 2% of the initial activity, and the total activity at 90% of the 
length of the cell is 14% of the initial activity. These experimental curves 
completely agree with the theoretical premises. 

Thus, electric decontamination of soil from radioactive strontium is 
shown to be completely possible, the measured energy requirement being 
a reasonable 10* kw- hr/m*. An important shortcoming of this method is 
the slow rate of the process. The theoretical concept developed, in general 
correctly interpreting the phenomenon, requires further refinement and 
improvement as regard the substantiation of a number of assumptions, such 
as soil isotropy in the process of electromigration, inconstancy of the pH 
at the cathode, knowledge of the value of W, (the moisture content due to the 
water situated within the double layer), and so on. 

The biological method. The scope of the present book does not 
allow this method to be analyzed in detail. We note only that it deals with 
the selection and growing of plants which intensely absorb long-lived radio- 
isotope fragments through their root systems and thereby decontaminate 
the root zone. Subsequently, the harvest of such plants is burnt, after 
which the soil itself is made fit for growing useful crops. 

To understand the essence of the method, one must gain an insight into 
the agrobiological processes accompanying the exchange of radioisotopes 
between the plant and the soil. 

It is only left to point out that radioactive fallout from the atmosphere 
on the soil surface should in the first place be collected, and then investi- 
gated with respect to total activity, the amounts of the various radioactive 
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nuclides in the sample, etc. Radiochemical analysis sets itself the task 
of isolating, purifying, identifying and determining the concentration of 
the isotopes. 

Not having the possibility of considering all these questions in more 
detail, we turn the reader's attention to the corresponding literature /183— 
188/. In particular, many publications are concerned with methods of 
activity investigation of isotopes isolated by radiochemical analysis — 
ionization, scintillation, radiographic and photoanalytic methods /189—195/. 
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Chapter XVII 


NUCLEAR METHODS OF INVESTIGATING THE 
PHYSICAL PROPERTIES OF SOIL 


§ 1. ATTENUATION OF BETA AND GAMMA 
RADIATION IN SOIL MATERIAL 


Of the three possible types of radioactive radiation (alpha, beta, and 
gamma radiation), only beta and gamma radiation have practical interest 
as regards the interaction of these radiations with soil matter. The 
investigation of soils (their structure and state) by techniques employing 
radioactive radiations is based on measuring the attenuation of these 
radiations when passing through the soil material. Penetration of alpha 
rays in such media is extremely small; although the use of alpha radiation 
was the first method to be used in rock investigation, it has now been 
completely abandoned and replaced by beta- and gammscopic methods. 

We turn therefore to a brief description of the physical fundamentals 
of the interaction of beta and gamma radiation with matter in general and 
with soil in particular. The passage of beta particles through matter is 
accompanied by the following processes: ionization of atoms, excitation of 
their electron shells, deflection of beta particles by a certain angle from 
the initial path. Energetically, the interaction of a flux of beta particles 
with matter is expressed in the attenuation ofthe energy ofthe beta particles 
passing through the matter and the scattering of those reflected from it. 

Electrons are scattered both by the nucleus and the electron cloud of the 
atom. The effective cross section in the first of these processes is 
proportional to Z%, and in the second is proportional to Z ( Zis the atomic 
number). For hydrogen, scattering by the nucleus and electron are of 
equal importance. In heavy elements, scattering is mainly by the nuclei 
(for example, in gold 99% of the scattering is due to the nucleus and 1% 
to the electrons); in addition, beta rays may lose a certain part of the 
energy due to bremsstrahlung, which is proportional to Z? and the kinetic 
energy of the electron. The absorption law is given by the exponential 
expression 


P= Ipe- 4, (17.1) 


where /, is the intensity of the initial beta beam before entering the material, 
and / is the intensity of the beam after passing a material layer of thickness 
d; w» is the absorption coefficient for beta radiation. 

The law (17.1) is valid only for a homogeneous isotropic material and 
for monochromatic radiation (practically speaking, for a narrow collimated 
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beam). Departure from exponentiality in real materials is connected with 
a number of complex phenomena taking place in the process of beta , 
absorption. The energy of beta radiation is expended on excitation of 
electron shells, on ionization and elastic collision with electrons. In 
addition, the complex spectral composition of the radiation source should 
be taken into account. 

As a result the coefficient » cannot be considered as constant; its value 
depends on the density of the absorbing substance and on the energy of the 
beta radiation, and decreases as this energy increases: 


I) = QE Sp, 


where Emax iS Some maximum energy characteristic of the continuous beta 
spectrum of each radioelement, at which the velocity spectrum of the beta 
particles is sharply cut off; p is the density of the absorbing substance. 
This law holds for Ema,> 0.9Mev. In practice a simplified exponential law 
is generally used: 


[= /,e7Ymass® mass. (17.2) 


Here we introduced the mass absorption coefficient u,,,, and the mass 
thickness Rmas Of the absorber. The mass absorption coefficient, as 
experiments show,is proportional to the atomic number Z. 

If the total effect of absorption and scattering is being studied, all the 
considerations remain in force, but the law (17.1) or (17.2) is called the 
attenuation law, and uw and ~Umas become the attenuation factors. Thus, 
attenuation implies the total effect of absorption and scattering due to the 
interaction of beta radiation with matter. The experimental measurement 
of beta-radiation intensity is based on the ionization of gases or solids, 
since the total ionization produced by a beta particle along its whole path 
is proportional to its energy. The specific ionization (the number of ions 
formed per unit path length of beta particles) is proportional to the square 
of the velocity of the beta particles and the gas density. 

To solve practical problems, it is convenient to use beta radiation when 
the thickness to be traversed is small. There are no data in the literature 
on the applicability of beta radiation for studying the physical properties of 
soils, but at the same time successful attempts have been made to estimate 
the moisture content of thin sheets of material, tapes, belts, and fabrics, 
which are used on cylindrical drums incontact drying and wringing machines. 
According to Berliner /1/, Slatinskii in the Institute of the Cotton Industry 
uses beta absorption to control and regulate the pressing of cotton fabrics. 

We turn now to the interaction of gamma radiation with matter. Gamma 
rays, in contrast to alpha and beta particles, are electrically neutral 
electromagnetic waves emitted by atomic nuclei. Like X-rays, they have 
a photonic nature and are diffracted on the nodes of a crystal lattice. 
Gamma rays consist of a set of groups of monochromatic radiations which 
are emitted by the excitation produced in a nucleus when it ejects alpha or 
beta particles. Gamma emission occurs in all nuclear reactions accom- 
panied by a transition of the nucleus from an excited to the normal stable 
state. This transition normally takes ~107 ™ sec. Sometimes, as for 
example in isomeric reactions, the duration of the excited state of the 
nucleus is considerably longer (for example, the isomeric transition of 


426 


the artificially radioactive 35 Br®™ or “Se with a half life of 4.54hr and 
58min respectively). 

In radioactive decay, the alpha particles may impart some of their 
energy to the excited nucleus, and this excitation energy will be emitted 
as a gamma photon after the disintegration of the nucleus, which, as is 
known, accounts for the fine structure of alpha rays. 

The energy of gamma radiation emitted by natural radioelements varies 
from 0.05 to 5 Mev, and the wavelength of the corresponding quanta varies 
within the limits 


1238 . 19718 1238. 10718 
\=—o95- 7 3 Cm. 


The gamma energy fAv=hc/A (where #4 is Planck's constant, and c is the 
velocity of light) emitted by a radioelement can be found from the fine 
structure of the radiation, from the secondary radiation appearing in the 
electron shells upon gamma-ray conversion, from observations of the 
energy of secondary beta rays excited by the gamma radiation in various 
screens and from the absorption of the gamma radiation in matter. 

The absorption of gamma radiation by matter, despite the fact that it 
reflects the interaction of the gamma rays primarily with electrons (as 
in the passage of alpha and beta particles through matter), is very 
complicated, since a number of phenomena are superimposed on this 
process. These are: a) the photoeffect, assuming complete transfer of 
the incident gamma-quantum energy to the electron; b) Compton scattering, 
taking place as partial transfer of the energy to the electron, in virtue of 
which the scattered quantum leaves the substance with reduced energy and 
at a definite angle to the direction of incidence of the initial photon; c) pair 
formation, i.e., the production of electron-positron pairs at incident 
quantum energies above a certain value; d) formation of isomeric nuclei; 
e) reactions of the type (y, 7). 

The last two reactions are produced by hard high-energy gamma rays. 
On the other hand, when the rays are very soft there is coherent scattering 
with no change in the energy of the quantum, as in the case of X-rays. 

Gammaz- radiation intensity is measured mainly from its ionization effect: 
an electron ejected by a gamma quantum ionizes hundreds and thousands of 
molecules by acting on their electron clouds. The path of these secondary 
electrons can be fixed on a photographic film in a cloud chamber or 
otherwise. 

Quantitatively, the ionizing effect of gamma quanta is considerably 
weaker than that of alpha and beta rays, and on the average amounts to 
1.5 ion pairs per lcm inair. The ionization effect of gamma rays is 
proportional to the absorbed energy and the density of the ionized gas. To 
raise the ionization sensitivity, ionization chambers are filled with high- 
pressure gases. 

In many respects it is more advantageous to replace ionization chambers 
by counters in which the ionization pulses produced by gamma quanta are 
recorded. The performance of gas counters can be improved by filling 
them with special gases which are sensitive to gamma rays, for example, 
krypton. In place of gases it is even better to use solid and liquid 
scintillators. 
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By selecting appropriate crystals, high-gain amplifiers or improved 
methods of recording weak scintillation effects, it is possible to obtain at 
the output of photomultipliers a highly efficient signal proportional to the 
gamma-ray energy. 

We will not discuss here the different kinds of widely known spectro- 
meters (luminescence, scintillation, etc.), crystal scintillation counters 
and many other methods of investigating gamma radiation. 

To determine the content of radioelements in soils, which are low- 
activity materials as regards gamma radiation, a large amount of initial 
material is needed. In these complex conditions it is more advantageous 
to use not ionization, but pulse methods, even in the least perfected version 
in which the gas counter is used. To investigate the radioactivity of natural 
soils, cylindrical cups fitted over the casing of the counter tube are used. 
Such a gamma counter may be connected to the measuring instrument by a 
long cable (telemeter). 

Many field radiometers exist for undertaking beta and gamma analysis 
of rocks with quite different aims, e.g., to measure radioelements obtained 
in naturally bedded rocks, to determine radioelements and their decay 
products which migrate in various soil levels, for all kinds of radiochemical 
analyses, for logging, etc. 


$2. GAMMAMETRIC METHODS OF INVESTIGATING 
THE PHYSICAL PROPERTIES OF SOIL 


The above-described attenuation of gamma-radiation energy in passage 
through soil and rocks is used for evaluating a number of important 
properties of these materials, such as the chemical- mineralogical compo- 
sition, the density and the moisture content. To determine the composition 
of the solid phase of the soil, one must use the fact that different components 
of the soil matrix absorb gamma radiation differently. In a sense, one may 
extend to soils the gammascopic principle widely used in geology for 
exploration and prospecting for ores both in samples /2/ and in situ /3, 4/. 

Gamma radiation may penetrate through a rock to a depth of from 15 to 
30cm. Corresponding devices consist of a gamma-radiation source and a 
gamma detector placedin a metal case. The pulse from the detector is 
transmitted by cable to a telemeter which continuously records the gamma 
radiation at various depths. Depending on the thickness of the layers being 
investigated, ionization chambers /5/ (thin layers), Geiger- Miller counters 
/6— 8/ (layers of 30— 60cm) and scintillation counters /9/ (thick layers) 
are used. 

The gammametric method implied that shales possess particularly high 
radioactivity, sands possess intermediate radioactivity and dense carbonate 
rocks and anhydrides possess low radioactivity /10/. This general rule 
is often violated. Thus, sodium rocks and radioactive.ores possess very 
high radioactivity. 

For successful use of the gammascopic method, calibration and accurate 
knowledge of the zero background are required. The determination of rock 
composition on the basis of the difference in the hard part of the energy 
spectra of the gamma radiation of uranium and thorium was found to be 
successful. Difficulties associated with this method due to the passage of 
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wide beams of gamma rays through rock layers are mentioned in /11/. It 
is found out that from the coefficients characterizing the relative hardness 
of the gamma radiation it is possible by means of a radiometer- analyzer 
to determine the qualitative composition of radioactive ores in situ. The 
Same principle is apparently completely suitable for radiometric analysis 
of soils. 

Another principle, which should be considered as fruitful, is one whereby 
the content of various components in the soil material can be determined 
quantitatively: according to this principle, the interaction of gamma quanta 
with each of the components is different, depending on the energy of the 
photons /19/. Suppose, for example, that the material consists of two 
components (the limitation has no fundamental significance) and the gamma 
beam is collimated. In this case component I contains more light chemical 
elements than component JI. When irradiated by low-energy photons (the 
index L refers to 60— 90 kev photons), component I is more transparent 
than component II owing to the predominance of the photoelectric absorption. 
When irradiated by medium-energy photons (the index M refers to 200 kev— 
1.02 Mev photons), component I becomes less transparent than component II 
owing to the predominance of Compton scattering. When irradiated by high- 
energy photons (the index H refers to 1.02— 3 Mev photons), component I 
is again more transparent than component II owing to the predominance of 
pair formation. The third version is unsuitable for soils. Irradiating our 
two-component mixture twice by low- and medium-energy quanta, we write 
the absorption law as a system of two equations: 
for the low-energy photons: 


pope leer sui] (17.3a) 
a ? 
for the medium-energy photons: 

fae borne nein (17.3b) 


where x/p and y/p are the amounts (in grams) of components I and Il ina 
volume of the material with an area of 1cm? and lengths x and y. Solving 
these equations, we find the desired values of x and y. The indexes I and 
I] refer respectively to the components I and II: 


x=k, In 7-(M)— hyn 7 (L), y = ky In 7 (L)— yin a). 


The quantities ,, kk; and k, are constants which are related as follows to 
the values known in advance for the given components of the density and 
attenuation factors: 
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To investigate three- or four-component systems, one must solve a system 
of three or four equations of the type (17.3a) and (17.3b). 

Determination of soil density. The gammascopic method of 
determining soil density is based on the absorption of gamma radiation in 
the soil material. The physical principle of this method is based on the 
interaction mechanism of a gamma quantum with electrons and atomic 
nuclei of the soil material. This interaction is expressed energetically by 
a decrease in the energy of a gamma beam passing through the soil due to 
the following processes: at low energies, gamma radiation interacts with 
orbital electrons of the atoms and its energy is dissipated by the photoeffect; 
at high energies, gamma quanta may penetrate into the interior of the atom 
and interact with its nucleus, in which case two gamma quanta with lower 
energy are formed; for gamma-quanta energy somewhat higher than 1 Mev, 
both the previous effects are negligible and the gamma quanta interact with 
orbital electrons of the atoms by approximately elastic collisions and are 
scattered (Compton effect). Energy dissipation due to this effect is 
independent of the chemical composition of the soil components. 

Since the energy of a gamma beam decreases as a result of absorption 
by soil and water, the intensity of a traversing gamma beam will be inversely 
proportional to the sum of masses of the soil and water per unit volume (the 
bulk density of the soil). Thus, the use of the gamma method requires 
measuring separately either the bulk density of the oven-dry soil sample, 
or its moisture content. Hence follows the idea of combined devices, which 
include a radiometer for density determination and an instrument for 
measuring the soil moisture content. 

A number of instruments exist which combine electric methods for 
measuring soil moisture content with the gamma method for measuring 
density /12—16/. Good results are obtained by techniques which combine 
a gamma radiometer with the capacitance method of measuring soil moisture 
/17/. The same applies to the combined moisture-density meter, which 
combines a gamma radiometer with the neutron method of measuring soil 
moisture content /18/. Inthe latter version, the instrument consists of 
a probe inserted in the soil. Introduced alternately into the probe are a 
gamma source (the isotope Ce) for measuring density and a neutron 
source (a preparation of radium— beryllium) for determining moisture 
content. The layout is so designed that the same scaling equipment is 
suitable for both measurements. 

It has been shown /12—16/ that the use of Cs'*" instead of Co™ raises 
the accuracy of the gamma-absorption method. Whichever of these sources 
is used, it is clear that, since the energy of the gamma radiation emitted by 
Co™ and Cs’*’ is higher than 1 Mev, its decrease in the soil is due mainly 
to the Compton effect. Some part of the yamma radiation of the source 
reaches the counter with lower energy due to back scattering of soft rays 
from soil layers with high bulk density. Back scattering is not very 
promising as a basis for a method of estimating density, since the back- 
radiation intensity is affected differently due to all the attendant conditions 
of the experiment. 

When determining soil density by the gamma-absorption method, three 
methods of arranging the equipment are practiced: 

a) the source and counter are reliably shielded from one another, which 
ensures that only the radiation traversing the soil is recorded. Gamma 
rays reaching the counter undergo scattering and have a lower energy. 
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When the moisture content varies sharply between individual layers, this 
arrangement introduces large errors. 

b) The source and counter are placed in an access tube (cased in a 
metallic tube) and the radiation intensity due to back scattering to the counter 
is measured. The counter and source are shielded from one another. In 
addition to the shortcomings of the first version, this arrangement also has 
a lower resolution. 

c) Two holes are made in the soil for the source and the counter. This 
version yields more accurate results, but it too is not free from errors 
arising in the counting of gamma quanta which have lost part of their energy 
in the soil. The optimal version is probably that whichassumes invariability 
of the energy of the quanta arriving from the source at the counter. 

successful tests to determine the density of soil samples were conducted 
by members of the All-Union Scientific Research Institute of Hydroengineer- 
ing and Melioration /20/ by horizontal gamma-raying of the soil. For this 
purpose, two parallel vertical wells were drilled 40— 60cm apart and 
reinforced by metal or ceramic tubes. A Co™ source attached to a metal 
rod was lowered to a certain depth in one well, and a counting tube ina 
water-tight metal casing, which in turn is placed in a thick-walled jacket 
(to reduce scattered radiation) with a vertical slot facing the gamma source, 
was lowered to the same depth in the other well. 

Photon scattering may be controlled in various ways. One of them is to 
replace the Geiger- Muller counting tubes by scintillation counters with 
photomultipliers. In this case, owing to the very small dimensions of their 
crystal detectors or phosphors, shielding from scattered radiation is 
simplified; the addition of a small lead diaphragm provides complete 
shielding, which eliminates the necessity of using heavy shields against 
scattered radiation. 

Another method of reducing the effect of.scattered radiation on the 
recording device consists in using scintillation counters not with one, but 
with two crystals, which respond differently to radiation. By appropriate 
circuiting it is possible to have the scaler respond only to pulses which pass 
through both crystals, i.e., that the intensity of a narrow beam of direct 
radiation is measured The soil density is found by the formula 


__ InJ,—In/, (17.4) 
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where /, and /, are the radiation intensities (counts per minute) in the air 
and at the depth of the irradiated level, d is the distance between the walls 
of the wells, pwn,o is the linear absorption coefficient of gamma radiation by 
water. Scattered gamma radiation was either completely eliminated, or 
was allowed for by an empirical correction. When half-meter layers of 
water, peat, and sand and clays were irradiated, the values of the absorption 
coefficients were found to be respectively 0.044, 0,035— 0.053, 0.075—0.088, 
and the depths at which the gamma-radiation intensity is halved are respec- 
tively 15.7cm, 19.8—13.1cm, and 9.3—7.9cm. The agreement between 
the densities obtained by this method and a control weighing method were 
good: 0.850 and 0.870g/cm?* for moist peat; 1.54 and 1.56 g/cm* for slightly 
moistened loam; 1.99 and 2.02g/cm? for water-logged sand. 

When using thyratron scalers for the determination of soil densities 9p, 
owing to the high counting level /) in air, it is necessary to pass the beam 
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through water, and not through air, and measure the initial intensity /n.0 
of the beam which passed through a water layer of thickness d. The formula 
for p is then 


ee (17.5) 


Ailing 


The above described principle of using the different degrees of gamma 
absorption by the different soil components as dependent on the energy of 
their gamma photons may be used for simultaneous determination of the 
density and moisture content of soils from one experiment /19/. 

Using equations (17.3a) and (17.3b) for radiation of a moist soil sample 
by low-energy and medium-energy gamma photons and considering the soil 
as a mixture of a dry material and water, for which the values cf p/p are 
different, we obtain 
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From these equations one easily obtains 
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where N(L) and Nm) are the amounts of water in grams in a volume (\v +uyem> 


when this volume is filled with water alone and is irradiated by low-energy 
and medium-energy quanta. The amount of dry soil, x, and water, y, is 
then determined from the relations 
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for ny = -(M) soin/ EM) yater™ | ; the measurement of MM) gives at once the 


desired volumetric weight of the moist soil. The method described here 

makes it possible to find the soil moisture content from the relation W=./y. 
As explained, x (the amount of dry soil) is found from the difference in 

the readings of the instrument which records the gamma-radiation intensity 
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for two irradiations by low-energy and medium-energy photons, when a 
volume equal to the sample volume is filled up only with water, and the 
attenuation factors of the water and the soil are known. 

The value of y (the amount of water in the sample) is determined from the 
readings of the same instrument when the sample is irradiated by low-energy 
photons. Thus, 


_ N(M)ni—N(L) a, N (M) _ 
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Hence, to determine the soil moisture content one must measure 7, n. and 
o (L) soil 
An, where nz, = ——-. 
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The accuracy of the method depends on a number of factors: the 
thickness of the layer, the quality of the measuring instrument, the order 
of sequence of the irradiation methods. The relative complexity of this 
method and the small degree to which it has been tested do not make it 
possible yet to recommend it for wide application. Until now, a simpler 
method is most often used, based on the fact that radiation attenuation is 
different in soil moisture and in the solid phase of the soil. 

We denote the mass attenuation factors for radiation energy in water 
and in the dry soil component respectively by wu,o and way; their densities 

3 3 : ; 

are respectively 1g/cm* and p,,g/cm*. The effective values of the density 
and mass attenuation factor for moist soil is denoted by px and tx. Then 
for a soil moisture content W (W being expressed as a fraction of the total 
weight of the material), we may write on the basis of the additivity principle 
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The attenuation law for gamma radiation passing through a layer of 
substance of thickness d, written separately for the water, the dry part of 
the soil and the moist sample, will have respectively the form 
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It follows from system (17.11) that 
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If we assume that the moistening does not modify the dimensions of the 
sample (its volume V is the same before and after the moistening), then 
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whence W’, which is the ratio of the moisture weight to the weight of dry 
material in the sample, is given by the simple relation 


jie 
w’ =In4%/ dp, yo: (17,12) 


Thus, to determine the moisture content W”’ of the soil it is necessary to 
measure only the attenuation of gamma radiation passing a layer dof the 
investigated sample. 

The method suffers from a number of complications: a) d cannot be 
regarded as independent of the moisture content of the soil; well-known 
phenomena are shrinking upon drying and swelling upon moistening; b) the 
soil density cannot be taken as constant; as a result of the natural pheno- 
mena of shrinkage, weathering, thermal stresses, as well as agrotechnical 
measures, appreciable departures from a constant fury are perfectly possible 
in the soil, particularly during spring tillage and the seasonal temperature 
oscillations; it follows from formula (17.12) that this will affect the deter- 
mined value of W’; c) the above calculations imply that one may not assume 
that the chemical- mineralogical composition of the soil has no effect at all 
on the attenuation of the gamma radiation in the soil. 

All these difficulties can be avoided by a detailed calibration of each soil 
type and by obtaining a family of curves for various values of its density. 
The greatest limitation as regards the possibilities of determining soil 
moisture content is apparently the fact that simultaneously with the moisture 
content variations in the soil density also affect gamma-radiation attenuation. 

A definite step forward was made by Danilin /21/, who proposed 
determining soil moisture content by comparison of gammaz- radiation 
absorption in the tested soil with a control sample of known moisture 
content, determined gravimetrically. Although the method becomes relative 
instead of absolute, it gives results which are independent of the type and 
chemical- mineralogical composition of the soil; for a given soil it is 
independent of the density variations of its matrix. The readings of such 
a moisture gauge depend on the variation of a single quantity, namely, the 
thickness of the moisture layer. 

In this case one can write a set of two equations expressing the decrease 
in the radiation intensity /,, for the initial moisture content (when the layer 
thickness is d) and respectively in the case of a higher intensity /,=/,+Al 
(when the moisture content is lower and the moisture layer has thickness 
d — Ad): 
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All the conditions of the experiment, in particular the values of u,,,, should 
be kept the same in the calibration process and in the subsequent field 
measurement of the moisture content. For the cobalt source (Co) used 


in Danilin's method, by = 4: 107*em7?, 
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Repeated control experiments show that the values of ti,>9 are practically 
constant only for the lower, structurally more stable soil layers. In the 
top layer (down to a depth of 30cm) y,,, varies in some manner as a function 
of depth. 

The practical scheme of moisture-content determination by the gamma- 
radiation method assumes the introduction (to the required depth in the soil) 
of a probe containing a radiation source. Two versions of moisture-content 
determination exist: a), layer by layer in a definite, bounded level, and 
b) integral in a layer of definite depth, beginning from the soil surface to 
~ 30cm. 

In the first version (Figure 17.1la), two vertical parallel holes are 
prepared in the soil. In them are placed a lead container-collimator with 
a cobalt source (1) and a recording ray counter (2) a distance 30— 40cm 
apart. In the second version (Figure 17.1b) a steel rod, at whose bottom 
is placed a container (1) with a radioactive isotope, is driven into the soil. 
The upper part of the rod is supplied with a handle, and a holder for the 
counter (2). 


a b c 


FIGURE 17.1. Different versions of positioning the gamma-radiation source and 
counter when using the gammascopic method of investigating the physical pro- 
perties of soils. 


Besides such stationary layouts, there are also others for irregular 
moisture-content measurements at many points. In this case the hole is 
made not vertically, but inclined (Figure 17.1c). At its bottom a container- 
collimator with a source (1) is placed. The counter (2), placed at the soil 
surface, records the radiation coming from a lateral slope. The capsule 
with the isotope is introduced with the aid of the rod (3) through a metal 
tube (4). 

Radiation detectors may be of halogen counters and all kinds of scaling 
devices using cold-cathode thyratrons. The latter was developed by the 
Scientific Research Institute of Hydrometeorological Instrument Construc- 
tion and are distinguished in field conditions by small dimensions, portability, 
etc. Applicable for the same purposes arescaling devices usingtransistors, 
and radiometers accumulating pulses from the counter in RC-units. 

Evaluating the possibilities of the gammascopic method, it must be noted 
that it is applicable not only to the determination of soil moisture content, 
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but also to the study of evaporation and the dynamics of moisture movement 
in soils both in thin, sharply defined layers and in integral volumes. A 
positive feature of the gammascopic method is that, in contrast to the 
neutron method of determining soil moisture content, which is considered 
below, it does not produce induced radioactivity in the soil. It is also safer 
with the possibility of measurement control and automation. 

The shortcomings of the method include, besides the dependence of the 
results on the density and chemical composition of the soil, the dependence 
of the sensitivity of the method on the different degrees of absorption of 
gamma radiation by moisture and by the solid matrix of the soil. The 
largest absorption per unit mass is caused by hydrogen. The sensitivity 
of the method therefore falls sharply when investigating the moisture content 
of soils containing considerable hydrogen concentrations in the solid phase. 

Nevertheless, this method began recently to be widely used in investiga- 
tions of the hydrological properties of granular, powdery and in general 
any kind of disperse systems. Positive results have been obtained in the 
study of the dynamics of the hydrological properties of a number of 
construction materials, such as cellular concrete and foam silica /22/, 
of leather tanning materials /23/, various kinds of coals /17/, oil beds, 
snow cover /25/, peat soils /26/. The results of moisture-content 
measurements of all kinds of materials by the gammascopic method are 
very close to the data obtained gravimetrically; the discrepancies lie within 
1 and 2% of the measured moisture content /27— 29/. 

Integral moisture reserve ina given soil volume. The 
gammascopic method enables one to determine not only the moisture content 
of a thin layer, but also the moisture reserve, or the total moisture content, 
in some thicker soil layer. If one knows (for example, by the gravimetric 
or any other method) the initial moisture content W, in some layer, then 
the moisture reserve of this layer at the moment of measurement is 
W.=W,+W’, where W is determined according to (17.12) from the relation 


Wi = 52 [dpi 9, 
where /, and /, are the gamma-radiation intensities at the beginning and end 
of the time interval t over which the moisture variation is considered. 

In accordance with the adopted mutual arrangement of the source and 
counter it is possible, by studying the attenuation of gamma radiation in 
the vertical or horizontal direction, to determine the moisture reserves 
respectively in layers down to a depth of 2m, or layer by layer within the 
levels 0— 20, 0O— 30, O— 40 and 0— 50cm. The activity of Co” sources 
should be of the order of several millicuries. Some Co™ preparations were 
enclosed in solid lead cylindrical containers of diameter 4 and height 5cm 
with an axial opening of 3mm. The usual method of vertical raying made 
it possible to estimate with such a source the moisture reserves in a layer 
of 0O— 50cm for sand, clays and loams, and up to 2m for peats. Asa rule, 
the container with Co™ was placed at a depth of 60——75cm, and the counter 
was situated at the soil surface; /, and /, therefore denote in the attenuation 
formula the surface gammaz- radiation intensities at the beginning and end of 
the interval tr. 

Figure 17.2 shows curves of the moisture reserve in the root zone, 
obtained gravimetrically /20/ and by gamma absorption /21/. The 
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estimated measurement accuracy for the layout is 0.5—1% of the measured 
moisture content; STS-6 and STS- 8 halogen counters were used in these 
layouts. 
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FIGURE 17.2, Curves of the moisture reserves in the soil, obtained by 
the gamma-absorption method (the solid curve) and control gravimetric 
method (the dashed curve), 


The basic circuit of the simple instrument with pointer-type counting- 
rate meter is shown in Figure 17.3. Inthe absencé of a source, the 
instrument shows the maximum grid current; in the presence of gamma 
radiation, negative current pulses arriving from the counter anode 
accumulate in the capacitor. As a result a negative potential, whose 
magnitude increases with increasing intensity of the gamma radiation, 
appears at the anode of the 2P1P tube, while the grid current decreases. 
The circuit provides for control and regulation of the working voltage. 
Before each measurement the operation of the instrument is checked by 
means of a control Co™ gamma source. 
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FIGURE 17,3. Basic circuit of the simplest instrument using a pointer- 
type counting-rate meter of gamma quanta. 


In the second version, which is a portable device, the pulses are 
transmitted from the anode of an STS- 8 counter tube along a coaxial cable 
to a scaling circuit using cold-cathode thyratrons and further to an electro- 
mechanical integrator which registers each 64-th pulse at a rate of up to 
20,000 cpm. Small batteries are used to feed the scaling circuit (150v) and 
the tube (400v). Both instruments require preliminary calibration. The 
first of these instruments (rate-meter type) is recommended by Danilin for 
determining the moisture reserves on irrigated soils, estimating the water 
supply of soils, studying moisture dynamics after irrigation, in the interval 
between regular irrigations, etc. 
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Measurement of evaporation from soil surface. The 
technique and equipment described here were used /21/ for estimating the 
evaporation from the soil surface. The purpose is to improve the method 
of lysimeters which is widely used in soil investigations. As is known, this 
technique has been recently improved: small lysimeters, whose evaporation 
conditions differ appreciably from natural surfaces, were replaced by large 
soil lysimeters, whose evaporation conditions are fairly close to real field 
conditions. 

A great difficulty encountered in introducing such lysimeters is the 
complicated hydraulic weighing system. The use of a method based on the 
attenuation of gamma radiation passing through a soil layer in the lysimeter 
eliminates the necessity to weigh soil volumes whose weight may exceed 
1000 kg. 
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FIGURE 17.4. Schematical description of a soil lysimeter in which the 
gammametric method of moisture measurement is used. 


A layout proposed by Danilin /21/ for such a lysimeter is shown in 
Figure 17.4. Placed at the bottom of the lysimeter is a lead container with 
a cesium (Cs’®") source of gamma radiation. The attenuation of gamma 
quanta passing through the whole thickness of the lysimeter is due to the 
absorption by the soil and water, of which only the amount of water varies 
(due to evaporation), and the amount of soil remains unchanged. The 
instruments of the Scientific Research Institute of Hydrometeorological 
Instrument Construction, described above, will therefore respond unambig- 
uously only to variations in the evaporation of the core sample. A comparison 
between the calculated decrease in the weight of laboratory samples by the 
gammascopic and gravimetric methods shows good agreement. 


§ 3. NEUTRON METHOD OF MEASURING 
SOIL MOISTURE 


In 1941 Pontecorvo /30/ proposed a new method of radioactive logging— 


neutron logging for the study of the moisture content in boreholes. Until 
then the method of gamma logging had been widespread. In the neutron 
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logging method, which has become widely used in geological and soil 
studies, the investigated materials, rocks, soils, or other dispersea 
materials are irradiated by fast neutrons, emitted from an artificial neutron 
source. As the fast neutrons pass through the material, they are gradually 
slowed down and become thermal neutrons. 

There exists a number of possibilities of relating the slowing down of 
neutrons in a material to its moisture content. The first possibility 
is direct fixation of thermal neutrons. The second possibility is 
based on the recording of gamma rays, which pass through samples 
irradiated by neutrons as a result of the interaction of (primarily) thermal 
neutrons with nuclei of the elements constituting the materials being studied. 
The third possibility is to create methods of detecting slow neutrons, 
consisting in the activation of foils of different materials (radium, silver, 
indium) and measuring the induced beta activity by counters of some type. 

Let us consider each of these possibilities separately. The passage of 
a flux of neutrons through matter may be regarded as a process of elastic 
collisions of the neutrons with the atomic nuclei. Fast neutrons with an 
energy greater than 1Mev become, asa result of the loss of part of their 
energy, Slow thermal neutrons with energies measured in hundredths and 
tenths of an Mev; the former are scattered in the surrounding medium and 
captured by nuclei of their atoms. 

Neutrons suffer the largest velocity reduction [moderation] upon collision 
with nucleiof light elements, and in the first place with protons (hydrogen 
nuclei). Thus, the moderation efficiency of neutrons when colliding with 
atoms of carbon, beryllium and helium is approximately 10/63 and 10/22 
as low as in collision with hydrogen. If the experiment is organized such 
that one could count the number of slow neutrons obtained as a result of 
scattering of a direct flux of [fast] neutrons after encountering a substance 
containing hydrogen, it would be possible to estimate the number of hydrogen 
atoms and thereby the moisture content of the substance. 

Fast neutrons for soil investigations are obtained as a rule with the aid 
of miniature low- activity sources, preferably of the radium-beryllium and 
polonium-beryllium types. In the first case the source is a mixture of 
powdered radium and beryllium sealed in a metal capsule. Possessing a 
very long half life (over 1500 years), the disadvantage of this source is its 
strong gamma background. In the second case this background is almost 
absent, but in turn the lifetime of the source is short (a half life of 138days) 

Gorshkov and Lyatkovskaya /31/ give an example of the possibility of 
developing a practically convenient method for neutron logging by direct 
recording of thermal neutrons. 

Gamma rays are used in neutron logging /32, 33/. A number of modifi- 
cations are known which vary in the sensing method (Geiger- Miller counter 
or ionization chamber), design of the probe, resolving power, adjustment 
accuracy, etc. One of the available instruments /33/ enables one to use 
(with small modifications of the probe alone) the whole layout used for 
neutron logging in the recording of the thermal neutrons. 

Passing to a description of methods of foil detection of slow neutrons, 
we note that due to the specific conditions created in the field, they have 
not yet found wide application. Field conditions impose a number of 
stringent requirements: a) the radiometer should be compact and work on 
a battery, and b) the neutron source should have an intensity as low as 
possible, so that it is safe. 
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The foil method proved to be insufficiently acceptable /34— 37/, in the 
first place because very high intensity sources must be used due to the low 
efficiency of neutron recording. In addition, the measurement duration is 
very long. 

The method of boron counters has therefore become widespread /38— 
47/. This method is based on reactions between slow neutrons and nuclei 
of boron or lithium, resulting in alpha particles which are recorded by 
ionization chambers, scintillation or gas-discharge counters. When 
ionization chambers are used, they are filled with boron trifluoride (BF3), 
and when scintillation counters are utilized, they use luminescent materials 
of lithium iodide or B’?+ZnS. 

Especially widely used are proportional boron gas-discharge counters. 
They have a cathode coated with amorphous boron, or contain boron fluoride 
in the gaseous mixture. Their advantages include insensitivity to fast 
neutrons and high sensitivity to slow neutrons. However, the major 
disadvantage is their complexity and bulkiness, andthe necessityto eliminate 
the effect of the gamma radiation emitted by the source, for which purpose 
a discriminator is necessary inthe measuring scheme. In addition, the 
scheme requires an amplifier with an amplification factor of 10,000 and a 
voltage of ~1500v for the counter. 

soviet industry manufactures several types of counters intended for 
operation in proportional counting conditions. The SNM-3, SNM-5 and 
SNM- 9 counters are filled with boron trifluoride; in this case the boron 
nucleus disintegrates forming alpha particles, which produce the ionization 
necessary for recording. 

Recently, highly efficient counting units appeared in proportional boron 
devices. Thus, an interesting one is a /45—46/ decatron scaling unit with 
five decades. The power pack consists of a storage battery (in the case of 
low working voltage dry batteries are used), vibrating- reed converter, 
step-up transformer, tube rectifier and voltage regulator with gas-discharge 
stabilitron tubes. 

An original approach to slow neutron detection, which is free of the 
shortcomings inherent in the boron counters and which is well applicable 
in field conditions, was developed by Emel'yanov and Nesterov /47/. 

They were able to use radiometers with Geiger-Muller counters as a 
result of the use of slow neutron detection by the gamma radiation formed 
in the (n, y) reaction in cadmium. The detector was a halogen STS-1 or 
STS- 5 counter with a removable screen of sheet cadmium 0.5mm thick; 
fast neutrons are produced by a Po— Be-source with an intensity of about 
1- 10° neutrons per second. The detector and source were placed ina 
cylindrical lead shield to prevent the effect of direct and scattered gamma 
radiation from the Po— Be-source on the counter. By measuring the 
gamma- radiation intensity both with and without the cadmium screen, the 
fraction of the radiation captured by the cadmium screen (the cadmium 
difference) can be determined. This difference is proportional to the 
density of slow neutrons at the place of measurement. 

Laboratory tests were carried out in cylindrical tanks 30cm high and 
filled with loamy soil, into which a vertical hole was made and a detector 
introduced. Field experiments were conducted on sandy loam and sandy 
soils of natural configuration, in which logging holes of 5cm in diameter 
were made. The pulses from the counter were recorded by the usual small- 
Size battery radiometer with a scaling circuit using cold-cathode thyratrons. 
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A control consisted of SNM-5 proportional boron counters with especially 
built field radiometers using 1K2P tubes. The source was attached to the 
end face of the aluminum case of the counter. The counting rate as a 
function of W in the case of neutron detection by the cadmium difference 
and by proportional boron counters is the same, but the sensitivity of the 
first method is higher. Theintensity of the recorded direct and scattered 
gamma radiation from the Po—Be-source is in this case low, does not 
exceed the background, and is weakly dependent (for the scattered gamma 
radiation) on p and W of the soil. 

This counter can also be used in a Simpler version for measuring YW, 
for which it is sufficient todetermine only the counting rate with the counter 
screened by cadmium. Such a detector records gamma-radiation capture 
from the cadmium screen, hydrogen and other elements of the soil, as well 
as from the lead shield (combination of n—n- logging and n—y- logging). 
Direct and scattered gamma radiation is unimportant. At low moisture 
contents, the predominant part of this capture radiation is due to the 
cadmium screen, tne smaller part to the lead shield and an even smaller 
part to hydrogen contained in them. At high moisture contents, the intensity 
of gamma-radiation capture from hydrogen is higher than from the lead 
shield, and the fraction of gamma-radiation capture emitted by other 
elements of the soilis small. The method of simultaneous n—n- and 
n—y- logging is recommended for sandy and loamy soils. 

Whichever of the above-described ways of neutron interaction with the 
soil is chosen, the following general layout of measuring the moisture 
content in a given material can be imagined. A detector, usually in the 
form of a cylindrical probe, is introduced to the required depth in an 
access tube or hole. This probe is a hollow metal case, containing the 
neutron Source, the counter, and in Some instruments also units of a tube 
amplifier, cathode follower, and all the terminals and leads for connecting 
to the measuring-counting device. 

The arrangement of the counter with respect to the source varies in 
different instruments. Thus, the source is mostly placed on the same 
axis as the counter, somewhat below the latter, at a distance providing 
maximum sensitivity. In other layouts, the counter and source are placed 
directly beside one another, so that the plane on which the source is 
situated corresponds to the center of the counter length. 

In general the mutual positioning of the source and counter is not so 
simple and has been discussed often. In /24/, it is shown that there is a 
definite distance between the source and the center of the counter for which 
the density of slow neutrons is independent of the properties of the medium 
being studied. For larger or smaller distances, the density of neutrons 
respectively increases or decreases with increasing hydrogen concentration. 

Figure 17.5 shows the path of a neutron beam through soil and its return 
with lower energy. The equipment is usually placed in two ways —in a hole 
and on the soil surface. In the former case, the test neutron source and 
the slow neutron counter are placed in the hole. Inthe latter case, the 
source and counter are placed close to one another on the surface. Both 
ways are schematically shown in Figure 17.6. The depth to which the 
equipment is lowered should be such that the soil—air interface does not 
affect the neutron density which increases with depth. It follows from 
Figure 17.7 that when the equipment is lowered to a depth of 30cm, the 
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pulse counting rate becomes constant. Lowering the equipment also 


introduces some element of indeterminacy due to the destruction of the 
soil structure. 
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FIGURE 17.5, Path traversed by a neutron beam which is 
scattered in the soil by hydrogen nuclei. 


FIGURE 17.6. Mutual positioning of the neutron source and counter: 


1—source; 2—sensitive volume of the counter; 3—aluminum tube; 4— 
sliding connecting piece. 


There is a third way of placing the neutron source and counter. It 
assumes measuring Soil permeability to a constant neutron beam. This 
is achieved by making two holes in the soil, in the first of which a source 
of fast neutrons is placed, and in the second a counter of fast neutrons, 
their mutual positioning being strictly constant. This increases the 
resolution of the method as a result of the collimation of the beam of fast 
neutrons and the decrease in the length of the fast neutron counter. 

An important aspect of the development of a reliable technique is the 
obtaining of calibration curves, i.e., oi curves relating the count rate of 
the counter to the soil moisture content. Such curves must be plotted for 
each soil, even for each variety of it. The conditions of calibration and 


operation of the instrument must be maintained strictly identical. The 
diameter and depth of the hole, the mutual positioning and distance between 
the source and the counter, the size of the probe-detector, its design and 
all other construction details should be the same in the calibration and 
during the standard soil moisture measurements. 

It has been shown theoretically that the diffusion of neutrons around a 
‘point source situated in an infinite medium takes place within a regular 
ellipsoid with center at the source. The departure from this regular form 
observed in practice is due to the fact that it is an extended and not a point 
source; in addition, due to the presence of a hole the medium is not infinite. 
The volume of the ellipsoid is related to the moisture content of the soil: 
the higher the moisture content, the smaller the volume. 
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FIGURE 17.7, Readings of the slow-neutron counter FIGURE 17.8. "Count rate—soil moisture content" 
vs, depth to which the equipment is lowered into the calibration curves. 
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1—sand, W,,;=48.8%; 2—sandy loam, Wy) =14.97 0; 
3—sand, W,,=8,3%; 4—sandy loam, Wyo)= 6.04%. 
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A calibration curve should be obtained for each soil type. Theoretically 
this requirement is redundant, since in this method each hydrogen 
atom is recorded. It would seem that the method should be absolute. In 
reality, this is true only in the first approximation. The relation between 
the count rate and the soil moisture content obtained is cloSe to linear, the 
resulting straight line being approximately the same for sand, clays and 
loams, i.e., it is independent of the soil type. The observed departures 
from this general straight line and the need of corrected calibration for 
each soil are due to the fact that the slowing of neutrons in the soil is a 
total effect both from hydrogen atoms contained in the soil and from 
hydrogen atoms contained in components of the solid phase of the system, 
humus, hydroxyl groups, etc. 

Of course, the result is mostly affected by the hydrogen of the soil 
moisture, and this explains the attractiveness of the neutron method. 
However, the influence of the background cannot be neglected, particularly 
in the presence in the soil of a considerable part of organic compounds. 


443 


Fruitful in this respect are the interesting attempts to reduce the 
influence of the background by determining the density of epithermal 
neutrons (which is independent of the properties of the material) from the 
absorption of thermal neutrons /24/. For this purpose the receiver is 
surrounded by a layer of paraffin and then cadmium. Neutrons with more 
than 0.5 Mev pass through thecadmium, are slowed down by the paraffin, 
and recorded by the counter. AS an example of a ''count rate —soil moisture 
content'' calibration curve we give the data of Emel'yanov and Nesterov 
/47/ (Figure 17.8). Curve 1 was obtained by means of a proportional boron 
counter of the type SNM-5 and is used as a control curve for comparison. 
Curves 2 and 3 were obtained by halogen counters of the type STS-5, 
curve 2 being plotted in the presence of a cadmium screen, and curve 3 
without it. Curve 4 (the cadmium difference) was obtained by subtracting 
the ordinates of the points of curve 2 from the ordinates of the points of 
curve 3. Curve 5 gives the total magnitude of the background and the direct 
and scattered gamma radiation, recorded by a detector with a cadmium 
screen. Curve 5 is plotted for a cesium (Cs}8") source whose gamma- 
radiation intensity is exactly equal to the radiation of the corresponding 
polonium-beryllium source. 

Experiments show that the direct and scattered radiation have a small 
effect on the result, and that the cadium difference varies with the moisture 
content in the Same way as the count rate of the boi 
boron counter, but with a Somewhat lower 
sensitivity. A more detailed analysis shows 
that the cadmium screen, and the lead shield 
and hydrogen contained in the solid phase of 
the soil are responsible for the capture 
radiation, the former more so than the latter. 

The role of hydrogen-containing background 
effects increases at high moisture contents. 
The method developed by Emel'yanov et al. in 
the All-Union Scientific Research Institute of 
Hydroengineering and Melioration will probably 
find wide application in the study of the hydro- 
logical properties of soils. 


FIGURE 17.9. Layout of the instal- In this connection, the work being carried 
Tationeot the A liatiaenc eos entitle out on the improvement of this technique is 
Research Institute of Hydroengineer- of interest. This includes measures for raising 
ing and Melioration for investigating the efficiency of the detector by using a number 
the hydrophysical properties of soils of parallel-operating counters, the use of 


from the cadmium difference. methods for bringing the source closer to the 


detector by reducing the lead layer separating 
them, the inclusion in the scheme of gamma-radiation intensity meters and 
counters with reduced supply voltage. 

Independently of the method used for recording the neutrons, a higher 
measurement sensitivity can be achieved by the use of compensation 
circuits. In these circuits (Figure 17.9) two radiation sources (1) are used. 
The flux of the first passes through the tested substance (2), and the flux 
of the second through a compensation wedge (3) whose properties are 
constant and known. Both fluxes impinge on a sensor (4). Zero reading 
of the latter denotes equality of the two fluxes. Each event of neutron 
slowing by the substance upsets the zero balance, as a result of which a 
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signal appears which is amplified in the amplifier (5) and drives a servo- 
motor (6). The latter displaces the wedge along the scale (7) to a position 
where the previous equilibrium is again established. Thus, the whoie 
installation is automated and simplified to such an extent that the required 
effect is directly read on the scale (7). 

The existing experience of working with natural soils, though small, 
made it possible to find out both positive and negative features of the neutron 
method. The first include: the possibility of moisture- content measure- 
ments over a maximum range, from 0 to 100%; the obtaining of the averaged 
value of. the moisture content in the investigated volume, and not the local 
value at some point of the sample; the practical independence of the result 
of the moisture-content measurement on the temperature and salt content; 
the possibility of obtaining an answer under field conditions and (roughly) 
in absolute weight units with general calibration for any soil type. The 
shortcomings of the neutron method include: the complexity and cumber- 
someness of the equipment; the possibility of induced radioactivity in the 
tested samples and the requirement of taking safety measures; the necessity 
totake into account the background produced by the slowing of neutrons by 
hydrogen atoms contained in the solid component of the soil system; the 
necessity to calibrate each soil type in the presence of an appreciable 
fraction of humus init. Finally, a certain difficulty arises due to the 
dependence of the slowing of neutrons by hydrogen atoms on the soil density. 

The various results of measurements of the moisture contermt of all kinds 
of soils, and of investigations of their hydrological properties should be 
considered bearing in mind these defects of the method. 


§4. NUCLEAR MAGNETIC RESONANCE IN SOIL 


In the past few years the phenomenon of nuclear magnetic resonance 
(NMR) has been widely discussed, and it soon became clear that it can be 
applied in the most diverse fields of engineering and industry for studying 
the structure of solids and liquids, the kinetics of chemical reactions, 
qualitative and quantitative spectroscopic analyses, measuring a number 
of physical properties of many substances and, finally, for investigating 
and evaluating some soil features. Without entering into the details of the 
phenomenon, which is fairly well described in the physics literature / 48, 
49/, we describe only briefly the main features of this phenomenon. 

Nuclear magnetic resonance consists of the absorption of energy by the 
radio-frequency magnetic field of protons (nuclei of hydrogen atoms). When 
a substance containing such atoms is placed in a constant external magnetic 
field of intensity H) (or induction B,), protons, which possess a proper 
magnetic moment, will precess. In other words, the atomic nuclei will be 
oriented in accordance with the position of the allowed energy levels in one 
of two directions (along or opposite to the field). Somewhat different 
energies of the nuclei will correspond to the two orientations. 

In thermal equilibrium conditions somewhat more nuclei will be oriented 
in the direction corresponding to the lower energy than in the opposite 
direction. If a weak alternating field H,; (corresponding induction B,) with 
as high a frequency as possible (w) is imposed, besides the field Hy) (Bo), on 
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the given substance perpendicularly to the field Mo, it is possible to reverse 
the nuclear orientation and thus achieve a transition of the nucleus from a 
lower to a higher energy level, which is characteristic of its opposite 
Orientation. 

At some definite frequency .w,,, the effect of the external alternating field 
on the protons of the nuclei will be maximal. Resonance arises in which 
there occurs a periodical discontinuous variation of the orientation of the 
nuclei in the constant magnetic field and a corresponding energy absorption 
(AE), caused by the transition of nuclei from a lower to a higher energy level. 

The resonance frequency is determined from the energy condition 


AE = hn: Noll and OL 2m = Volto: 


res 9 ; 


where y is the gyromagnetic ratio, whose value is characteristic of nuclei 
of a given chemical element or isotope. For the proton y is (2.67530 4 

+ 0.00006). 10* sec” ?. gauss” ” (for By) and the same number of oersteds for 
H,. Thus, for example, in an external field of H, =100,000 oersteds the 
resonance frequency iS Vre.-= 42.6 MHz. The experiment is performed as 
follows. The tested sample is placed in a cylindrical coil whose axis is 
perpendicular to the field direction, and a high-frequency ac current is 
passed through the coil. 

It is natural that the larger the nuclei, i.e., the more hydrogen protons 
are contained in the substance, the more energy of the radio-frequency 
field H;is absorbed by them, the stronger the resonance effect and the 
more easily is it amenable to quantitative evaluation. Thus, in virtue of 
this effect a possibility arises to estimate the number of protons in the 
sample. For soils this implies a practical possibility to determine the 
hydrogen, and thereby also the moisture in the sample. 

It is true that the overall resonance effect depends both on the amount 
of hydrogen of the water contained in the sample, and on the amount of 
hydrogen contained in the compounds of the solid phase of the soil. It is 
extremely complicated to distinguish protons of free water from protons 
of other components of the material. Apparently, the field intensity H, 
under which resonance occurs at a given frequency is made up of the 
intensity of the external field and the intensity of the internal field, the 
latter acting at each point of the substance on a nucleus of the given atom 
with all the neighbors surrounding it. The internal field will largely depend 
on the properties, character and structure of all the elements contained 
in the sample. 

It is thus necessary to reduce the background (noise), producing a signal 
from the hydrogen-containing substances in the solid phase (Figure 17.10, 
curve a), in comparison with the signal obtained from the protons of the 
free water in the sample. 

Curves a and b, which express the dependence of the resonance signal 
amplitudes /,.; ‘on the frequency v, show that in order to separate the signal 
due to the water protons it is better to observe the derivative of the 
resonance signal instead of the signal itself. In this case, the smaller the 
width of the frequency band involved in the absorption range Av, and the 
larger the amplitude /,,, the lower the relative importance of noise in the 
overall resonance effect. The problem is to reduce the width Av. Asa 
rule, the effective way is to create as uniform a field Hy) as possible in the 
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zone occupied by the sample. Departure from uniformity is permitted to 
within 10-3 — 10°*%, 

Special attention should therefore be paid to the construction of the 
permanent magnet as regards strict alignment of the magnet poles and 
coincidence of the sample axis with that of the coil, as regards a high 
quality of the material used for the magnet and a suitable ratio between the 
diameters of the pole pieces to the gap, etc. Any nonuniformity in the field 
of the absorption band and dislocation of the sample (the sample should not 
occupy a volume larger than 60% of the coil field) sharply distort the 
observed absorption effect. 

A serious and fundamental problem in NMR observations is the 
saturation’ effect. This undesirable phenomenon arises under field 
intensities H, so high, that the reorientation reduced by them (i.e., the 

transition of protons from lower to higher 

energy levels, corresponding to a direction 

Jes of the magnetic axes directly opposing the 

initial one (4,;=0)) differs only slightly from 
the reverse process of nuclear energy 
transition, which is already accompanied not 
by absorption but by emission of energy of 
the field A,. 

In such conditions, the effect connected 
with excess absorption of energy of the field 
‘i, may be so small or commensurable with 
the background, that a resonance signal is 
not observed. This undesirable phenomenon 
may apparently be avoided by reducing the 
field amplitude H,; and what is termed the 
relaxation time rt, (i.e., the time necessary 
for a system of nuclei not in equilibrium to 
return to the initial position). Equalization 
of different levels means getting further from 
the process of static equilibrium. This 
corresponds to the reverse process, which 
is accompanied by intensification of energy 
transitions. 

It follows from the above that the smaller 
t,» the higher the field intensity 4; which 
must be applied for an appreciable departure from equilibrium. A decrease 
in the field amplitude H, requires a number of complicated conditions to be 
met. The generation level of the high-frequency generator should be strictly 
constant and, to avoid the resonance affecting the position of the signal, 
very low. 

As regards the reduction of t,, one usually introduces into the sample 
small doses of paramagnetic ions, which contribute to bringing the system 
closer to a state of equilibrium. Characteristic of soils is the fact that they 
always contain a certain amount of paramagnetic ions, thereby presenting 
favorable conditions for the application of the NMR. When the number of 
paramagnetic ions contained is sufficient, a sharp decrease in Tt, and, 
consequently, either complete elimination or minimization of the saturation 
effect may be expected. Conversely, when the amount of paramagnetic ions 


FIGURE 17.10, Resonance signal 
from a moist hydrogen-containing 
sample, 
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is insufficient, the saturation effect may result in an appreciable increase 
of noise. It may also be noted that as the moisture content of the sample 
rises, the concentration of ions becomes low and the resonance effect 
weakens. 

A new possibility of reducing the saturation effect has been indicated 
recently /49/. It consists of passing from stationary measurements to 
measurements in a flow of substance continuously moving through the 
resonance pickup. In this method the pickup of the coil with substance, 
placed in a constant magnetic field H), was first filled with the investigated 
fluid in a state of rest, and then after some time this fluid was allowed to 
flow at some velocity through the pickup. 


The result, expressed as the ratio - of the signal /, obtained at some 
fluid velocity to the signal /) obtained with the stationary fluid, is fixed as 
a function of the fluid velocity v. A typical curve = (H,O)= f(v) for pure 


water is shown in Figure 17.11. 

The following picture is obServed in such an experiment: first the 
resonance amplitude /, sharply rises, but soon passes through a maximum 
and decreases to the initial value. 
The curve 7 = (yu has exactly the 
same pattern: a sharp rise at small 
velocities, a maximum, anda 
subsequent fall-off. Apparently, 
while the stationary water or fluid 
was in contact with the pickup a 
long time, the saturation effect 
was present and the resonance 
Signal was small. The protons are 
j sharply reoriented in the fluid 
FIGURE 17,11. Curve i ed: for pure water. suddenly set in motion through the 

pickup, they absorb energy of the 

field H,, and therefore the resonance 
effect rises to a maximum. Passing the pickup, the protons begin populating 
both energy levels more uniformly and the resonance effect decreases. 

This regards not only the initialfluid portions on whichthe field A) initially 
acted, but also subsequent amounts, which initially were not subjected 
to the action of Hy. The time during which the protons stay in this field is 
apparently short, and insufficient for the establishmentof equilibrium. If 
the durations of the fluid in the fields H, and H, are respectively tm and %, 
it is easily understood that the shorter 1 (and, consequently, the longer 1%), 
the further is the system from saturation and the stronger the final effect. 


This may be used to explain the character of the function =} (v). At 


low velocities, a shortening of the interval 1 (which may be interpreted 
as the time during which the protons in the field prepare for the establish- 
ment of equilibrium) plays a positive role. The specific form of the curve 


22 = f(v) depends on the given substance, the relaxation time, the content 
0 


of paramagnetic impurities and the field intensity 4. 
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In practice, severai things can be done to increase the range of tested 
substances and avoid the saturation effect. Thus, it is possible to 
artificially increase the time interval tw by forcing the substance to stay 
longer in the constant field before entering the pickup by passing it through 
an additional magnetizing field. This lengthens the time of preparation of 
the substance. In addition, one can try to shorten ti(i.e., the duration of 
the substance in the field //,) by raising the flow velocity of the substance. 

It must be noted that in this case the stringent requirements of a low 
generation level of the high-frequency generator and maintenance of a 
constant concentration of paramagnetic ions in the substance are relaxed. 
In addition, owing to the flattening in the region of the maximum of the 


curve 3 =-f(v), the flow velocity can be selected conveniently so as to obtain 
A 


a sufficiently intense signal. 

Of course, this method also possesses a number of defects which make 
its application quite difficult. They will be discussed in detail below. Here 
we only note the relative complexity of the method, thenecessity to calibrate 
each tested substance, and soon. But the fundamental defect remains the 
fact that it is not always possible to separate free water from bound water, 
or that which is contained in the components of the solid matrix of the 
material. 

A typical technique of obtaining and observing the NMR is the following. 
The sample is situated in a constant magnetic field, and placed ina 
cylindrical coil whose axis is perpendicular to the field direction; a high- 
frequency alternating current is passed through the coil. To achieve 
resonance, it is possible to maintain a constant field H, and simultaneously 
vary its frequency v by means of the current. Conversely, maintaining 
v =const, the field intensity .nay be varied within narrow limits. 

The onset of resonance, which is expressed in maximum absorption of 
the radio-frequency wave, is usually fixed by means of a high-frequency 
oscillatory circuit, which is supplied with a high-frequency oscillator 
exciting an alternating magnetic field H,in the sample placed inside the 
soil (also a component of the circuit). 

In earlier works /50/ a NMR spectroscope with an electronic oscillo- 
graph was used. A cylindrical sample was placed in a solenoid and the 
radio-frequency voltage maintained constant. The magnetic field Hy) was 
created by a permanent magnet on whose pole pieces special coils were 
fitted for modulating the alternating field H:(v =60Hz). 

Upon the attainment of the resonance intensity of the magnetic field H, 
(which during the modulation period passes twice through the resonance 
frequency), the high-frequency signal (after detection and amplification) 
was applied to an electronic oscillograph whose scanning frequency was 
matched with the modulation frequency. The resonance absorption signal 
due to the protons of the tested substance appeared on the screen. 

Subsequently, some of the above-mentioned operations have been 
improved. Thus, there were introduced automatic NMR spectrographs 
or spectroscopes for visual observation, as well as recorders connected 
to a phase-sensitive detector, to which proceed the high-frequency signal 
and the voltage from the modulator through a phase-inverting circuit. 

Consider two layouts which by now have proven themselves fairly well 
/53, 54/. The first is shown in Figure 17.12 as a block diagram. The 
principal units are: permanent magnet (1), modulation coils (2), pickup (3), 
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high-frequency oscillator with an amplifier and detector (4), low-frequency 
amplifier (5), scanning and modulating voltage oscillator (6), electronic 
oscillograph (7). The sample is placed inside a coil, which constitutes 

the inductive element of the oscillatory circuit. The latter serves for 
exciting an alternating field H; in the sample. 


e 
~ Wz 
FIGURE 17,12. The simplest layout for measuring 
NMR. 


A uniform constant field H, is created in the gap between the magnet 
poles, where the coil with the sample is placed. The parameters of the 
layout (v and H,) should be so chosen as to correspond to the resonance 
conditions o,.=yM>o For afield AH,)= 5000 oersted, v=21.3MHz. The 
magnet poles are equipped with modulation coils fed from a low-frequency 
source, which enables the field H, to be continuously varied within narrow 
limits. Thus, the sample is acted upon simultaneously by a varying- 
frequency field 4; and a modulated constant field H,. During the modulation 
period there is double energy absorption from the radio-frequency field, 
which shows up in the amplitude modulation of the oscillations in the circuit. 
After detection and amplification, the latter 
are reproduced on the oscillograph screen 
as a resonance signal, a typical form of 
which is shown in Figure 17.13. 

Characteristic of the resonance curve are 
two peaks corresponding to the two absorption 
events during the period, and micro-uneven- 
ness of the whole curve due to noise. 

A second alternative layout for the 
observation and measurement of the NMR 
has the following features. Whereas in the 
first version the modulated oscillations 
were high-frequency amplified, detected, 
low-frequency amplified, and applied to the 
plates of an oscillograph whose time base 
provided synchronization of the signal, in 
the second version the signal (after low- 
frequency amplification) is. fed to one of the 
FIGURE 17.13. Typical oscillogram inputs of a synchronous detector whose 
of the resonance signal obtained in second input is connected through a phase~ 
the NMR method, inverting element to the source of modulating 
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voltage. This makes it possible for the output instrument of the detector, 
in particular for the recorder, to respond selectively, i.e., not to the 
whole complex signal including a set of frequencies and noise, but only to 
the fundamental harmonic of the frequency spectrum, i.e., that equal to the 
modulating frequency. The sensitivity of the method is thereby raised, the 
noise in the signal is suppressed, and so on. 

For all kinds of dispersed media, and in the first place soils, the 
following layout is suitable. It has been repeatedly tested and proven itself 
/51/, and is given here in principle (Figure 17.14). 


FIGURE 17.14, Second layout for measuring NMR. 


A cylindrical sample is placed in a vessel (1), which is fixed between 
the poles of a permanent magnet (2) and fills the coil (3), which constitutes 
a part of the resonance circuit. The magnet creates in the sample astrictly 
uniform field of intensity 1750 oersteds; the resonance circuit is supplied 
with a high-frequency current (7.45MHz) from an oscillator (4). The coils 
(5), supplied through an amplifier (7) from the oscillator (6), are situated 
on the magnet poles. The auxiliary coils (8), which are supplied from the 
source of modulating voltage (9), serve for generating an additional magnetic 
field in the sample which is modulated by rectangular pulses at 33.1Hz. 
The high-frequency signal is amplified and detected by means of the unit (10), 
and then transferred to the measuring instrument (11). The alternating 
component of the signal is recorded by the recorder (15) after passing 
through the amplifier (12), demodulator (13) and filter (14). 

The instrument operates as follows. The magnetic field in which the 
sample is placed varies linearly with time due to the application to the 
coil (3) of a linearly varying current from the oscillator (4). At the output 
of the amplifier-detector there appears a direct-current component, equal 
to the mean value of the rectified current, and an alternating-current 
component of the modulation frequency. The latter is amplified and 
demodulated in phase with the modulating voltage. The output voltage of the 
demodulator is recorded after filtration as a curve representing the 
derivative of the NMR characteristics, i.e., the rate of high-frequency 
energy absorption as dependent on the magnetic field intensity. 
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The instrument thus consists of three units: a) a control magnet, b) a 
high-frequency unit, c) a control panel in which are concentrated the 
switches for setting the high-frequency level, the period and amplitude of 
the magnetic field intensity variation and the modulation depth, and for 
amplifying the signal and setting the time constant of the filter. 

Some modifications of the above scheme are described in the literature. 
Thus, one of the versions of the NMR proposes creating the magnetic field 
7, not by a high-frequency current in the soil but by an alternating electric 
field between the plates of a plane capacitor connected in a high-frequency 
circuit /55/. 

On the basis of the above it follows that by means of the described NMR 
spectrometers it is possible to separate the absorption lines of the protons 
of the liquid contained in the soil sample from the curve shown in 
Figure 17.11. The area bounded by the absorption curve and the abscissa 
is proportional to the total content of protons in the sample. Since the 
absorption lines of the protons of the solid part of the soil are wide and 
gently sloping and the absorption line of the water protons is narrow and 
Sharp, a practical method can be worked out for estimating the moisture 
content in the soil using the dependence of the height of the peak of the 
derivative of the NMR characteristic curve on the moisture content. 

Moisture determination requires preliminary calibration of the instru- 
ment. For this it is sufficient to put in the instrument a material of known 
moisture content, determined by the standard gravimetric method, and 
calculate the height of the peak of the derivative of the resonance absorption 
curve. 

One of the principal and fundamental problems in moisture determination 
from the NMR is the increase in the fraction of the useful signal as compared 
with the background signal from protons and hydrogen-containing components 
dissolved in water. For this purpose a number of measures have to taken, 
namely: 1) not to use the absorption curve itself, but the first derivative of 
the absorption function, for which additional modulations of the rectangular 
pulses with the aid of special coils (for example, coil (8) in Figure 17.14) 
must be introduced into the scheme; in this case the moisture content is 
determined from the sum of the resonance amplitudes (the height A in 
Figure 17.13); 2) introduce a correction to allow for the density of the 
solutions and the amount of hydrogen in the soluble components; the latter, 
however, is not always possible and is effective only in the case of low 
and constant background concentrations; 3) to reduce the saturation effect 
by all means; to achieve this aim the amplitude of the field 4; and the 
relaxation time t, should be reduced. Practically, it means measures to 
increase the uniformity of the field Hy), to lengthen the time interval during 
which the sample should stay in the field 4, and to shorten the time interval 
that the sample stays in the field H,;, which is largely achieved by conducting 
the resonance observations on a controlled flow of the substance. 

The possibilities and limitations of using the NMR reduce to the following: 

1) The NMR method can be used over a wide range of soil moisture 
contents. 

2) The results of moisture measurements are practically independent 
of the texture and chemical composition of the soils, although this cannot 
be said of such substances as plants, milk, saccharose solutions, vitamins, 
tannides, many salts, i.e., substances which contain water-soluble 
hydrogen-containing components. 
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3) Moisture-content measurements are seldom accurate, since the 
instrument makes it possible to detect a number of protons of the order of 
10!", and this corresponds to a minimum sample volume of 1.5:107%cem?, 

4) In contrast to the neutron and gamma methods, the use of the NMR 
is not subject to stringent requirements as regards damage, safety, etc. 

5) The moisture-content values obtained by the NMR methods are 
independent of the electric properties of the sample and its temperature. 

At the same time, as already pointed out, the NMR method requires the 
use of nonstandard equipment and does not always provide clear separation 
of the free moisture (to be investigated) and the bound moisture, which is 
chemically a part of the solid matrix of the substance. Owing to these 
difficulties, the NMR method is only now beginning to be applied in practice. 
The results of measurements of the moisture content of various dispersed 
materials are as yet few. On the other hand, they cover such substances 
aS grain, groats, sugar, tobacco, starch, cheese, fruits, vegetables, 
cotton, wool, paper, wood /54, 56, 57/. The NMR method is as yet seldom 
used for soil investigations. 


§ 5. ISOTOPE METHODS FOR INVESTIGATING 
THE HYDROPHYSICAL PROPERTIES OF SOILS AND 
RECLAMATION PROCESSES 


This section deals with the whole group of such soil-hydrologic phenomena 
as the movement of soil water, seepage, the mechanism of soil movement, 
the forms of the binding of soil moisture with solid particles, components 
of the soil matrix, etc. It can be easily shown that in all such work the 
basic phenomenon being studied is water. movement, which is monitored by 
means of tracers moving with the water. 

As a rule, substances used as labels for water are nonorganic salts and 
organic coloring materials. The greatest obstacle in this respect is the 
necessity to dissolve very large amounts of tracer in the soil water (without 
which the necessary recording accuracy is difficult to attain), since large 
admixtures upset the natural conditions in the soil and the water movement 
in it. 

All these difficulties are solved by using radioactive tracers due to the 
negligible concentrations needed (millions of times lower) and the 
exceptionally high sensitivity of the radiometric methods of analysis. For 
hydrologic investigations most of the radioactive isotope tracers are 
unsuitable owing to the strong adsorption to the soil with respect to cations 
of the soil solution; S%5 anions in the form of alkali salts of sulfur oxide, 
as well as tritium (H?) are therefore mostly used. 

Tritium is either introduced as tritium water, or the same concentration 
of it is used as is contained in soil water, which has been enriched in 
tritium in recent years due to'the contamihation of atmospheric precipitation. 
Tritium is convenient due to the fact that, being a component of water, it 
evaporates and condenses with it, i1.e., demonstrates water movement 
Separately in the liquid and gaseous form. However, although the analysis 
of negligible tritium concentrations from the soft beta radiation is now well 
developed, the use of this technique is associated with difficulties concerned 
with a preliminary preparation of the samples which are subjected either 


to complete evaporation of the studied water, or to electrolysis, or to 
bringing the tritium into an organic compound. 

When a sulfur isotope in the form of H,S°°O, is used, in view of the 
softness of its beta radiation, radiometric analysis again requires difficult 
operations aimed at the extraction of the tritium from the soil and at the 
adoption of safety measures. 

The use of the isotope I’! also requires special safety measures or 
measures for producing the isotope together with special carriers. Thus, 
for example, using I! in a solution containing scdium iodide and introducing 
the latter into the soil, we observe separation of the iodine due to oxidation 
of NaI. One must therefore add hyposulfite for attenuating the decomposition 
of Nal in the soil. 

In order to widen the range of radioactive tracers suitable for soil 
investigations, the proposal to use chelate compounds containing a radio- 
active cation is of interest /59/. Thus, Globus /60/ proposed the use of 
the chelate complex of ethylenediaminetetraacetic acid, which is highly 
stable with respect to Co 

Depending on the soil process being investigated, the isotopes Co®, Co%? 
and Co™ can be used as radioactive tracers due to their wide range of half 
lives and the hard gamma radiation emitted by them. Detailed experiments 
have shown that Co in the chelate complex is not adsorbed by soils, but 
moves freely with the water. The preparation of radioactive chelate 
complexes is very simple by adding to an aqueous solution a radioactive 
salt of a small amount of Trilon B (sodium ethylenediaminetetraacetate ). 
This summarizes the methodological aspect of the study of the hydrophysical 
properties of soils. We proceed now to an account of results obtained by 
means of some of the above-mentioned methods of isotope investigation. 

Velocity of groundwater. Hydraulic conductivity. The 
radioisotope I'*! in the form of potassium iodide is used as a tracer in 
estimating the velocity of groundwater in loams and peats /20/. An amount 
of 10—15mcurie of the radioiosotope was introduced into the groundwater 
through a hole. A number of holes were made along the direction of flow of 
the water, and the radioactivity of samples was determined. From the 
reading of the radiometer the distance traversed by the labeled ground- 
water was determined. Depending on the slope of the water table, the 
measured velocity of the groundwater flow in peats amounted to 3—9cm/day. 

To determine the hydraulic conductivity of saturated soil layers, a 
central hole was made surrounded by peripheral holes (at distances of 
20—50m). The diameter of the holes was 18cm, andthe depth corresponded 
to the thickness of the saturated layer. A solution of radioactive iodine 
(l1—2mcurie per 10 liters of water) was introduced into the central hole. 
Water was pumped out from the peripheral holes during a time interval t, 
so long as radioactivity was not detected in them. 

Knowing the distance / between the walls of the central and peripheral 
holes, the pressure gradient ij and the water discharge WP water (in%), the 
hydraulic conductivity was calculated by 


_ (Waater 
K= it 


The measured values of K on the same peat bogs were between 0.11 — 
0.8m/day, which agrees with the figures obtained by pumping tests and 
[laboratory] tests on core samples. 
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Capillary moisture transfer. The same authors investigated 
the capillary rise of moisture in the zone of the capillary fringe. For this 
purpose a hole was dug down to the groundwater and the radioactive isotope 
of iodine was introduced into it. The radioactivity was determined in 
samples of soil taken from the hole wall. Another method consisted of 
introducing radioactive potassium iodide into the groundwater along an 
inclined hole through a rubber tube and in determining the tagged water in 
samples taken from various levels. For peats a capillary rise of up to 
o0—60cm was obtained. 

Use of radioisotopes in soil-reclamation problems. 
Antipov-Karataev /62/ lists a number of problems in the field of soil 
reclamation which can be successfully solved with the aid of radioactive 
isotopes. One suggestion is to replace the usual cumbersome techniques 
of determining the field moisture capacity by the method ofsalt accumulation 
with the use of a radioactive isotope (such as c1*®, S* or I) as a salt 
tracer. 

Another proposal is to determine the exchange capacity curves with Ca* 
tracer for estimating the quality of irrigation water and for choosing effective 
hydroengineering methods in the reclamation of saline soils. In the latter 
case it becomes necessary to determine the requirements for reclamation 
of the soils by including in the top layer some lower horizon extending below 
the saline layers. If in this layer desorption of sodium ions occurs when its 
solution is diluted by fresh water, then the level in question can be entirely 
included in the soil layer being reclaimed. 

In the first problem we have to determine the limit ratio of sodium ions 
to calcium ions in the salts of the irrigation water, above which alkaliniza- 
tion of the soil occurs. When the solution is diluted by distilled water, the 
soil will adsorb calcium and precipitated sodium. If the dilution is carried 
out with irrigation water having an unfavorable ratio of univalent and 
bivalent cations, then the desorption curve of sodium (or adsorption curve 
of calcium) will be replaced by the adsorption curve of sodium (or the 
desorption curve of calcium), which can be observed from the adsorption- 
desorption curves with the labeled sodium or calcium and a number of other 
elements. 

Elemental data show that when the soil solution in the layer 0— 35cm is 
diluted, there is no exchangeable sodium in the soda-sulfate solonetz of the 
chernozem zone. Reclamation is observed in deep layers (35—70cm) by 
diluting the soil solution with water. If the layers 20— 35cm are mixed with 
the layers 35—50cm, it becomes possible to reclaim the solonetz layer 
of 20— 35cm. In all problems of soil alkalinity and acidity, a central 
quantity is the exchange capacity. Antipov-Karataev proposed an effective 
isotope method of determining the exchange capacity of soils, in particular 
of carbonate and acid soils, using the isotope Ca*® /63—65/. 

Study of the forms of moisture binding to soil 
particles and the mechanism of moisture movement in 
soil. One of the widespread methods of studying the mechanism of water 
movement in soil is the study of the diffusion of salts dissolved in it using 
radioactive isotopes. However, experiments concerned with the study of 
diffusion processes in the soil encounter great difficulties. In the usual 
technique, which requires prolonged observation of soil core samples of 
given moisture content, water is observed to move toward the higher salt 
concentration, thereby modifying the soil state under study and the 
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movement of salts. This has to date prevented the determination, for 
example, of the diffusion rate in the case of low soil moisture contents, and 
in the remaining cases the measurements were very inaccurate. The use 

of tagged atoms makes it possible to determine the rate not only of diffusion, 
but also of self-diffusion of ions constituting a part of dissolved salts. In 
the latter case we mean the diffusion of ions of the dissolved salt in the 
absence of concentration gradients, i.e., ina homogeneous medium. The 
determination of the rate of self-diffusion became possible only by the use 
of tagged atoms. In the latter case, owing to the absence of concentration 
gradients, the measurements are conducted under conditions of stationary 
soil moisture. 

The measurement technique used by us was the following /67/. A 
rectangular vessel made of acrylate, whose surface is hydrophobic, was 
filled with soil of a given moisture content. The dimensions of the vessel 
were 80x65 x 25mm. The vessel was divided into two parts by a metal 
baffle. On one side of the baffle the soil contained an aqueous solution of 
salt without a radioactive tracer, and on the other side it contained a 
solution of the same concentration, but with an admixture of a radioactive 
substance. After withdrawing the baffle, contact was formed between the 
two soil layers and diffusion started. Special tube-probes were used to 
periodically take samples from various levels through an opening in the 
wall of the vessel. The radioactive content in the sample was analyzed 
by a counting instrument. This method enables salt concentrations to be 
determined with high accuracy, down to the lowest values. At the same 
time, this raises the accuracy of the determinations of the diffusion 
coefficient, particularly when its values are small. 

It can be easily shown that the variation in the concentration C of the 
diffusing substance with the time vt when the above-described instrument 
is used may be represented by the formula 


where Cy, is the initial concentration for 0<x<R, D is the diffusion 
coefficient, M(y) is the probability integral, x is the distance from the 
edge of the vessel and R is the thickness of 
the soil layer with the radioactive substance. 
To raise the accuracy of determinations 
from experimental data we used a graphical 
method (Figure 17.15). For this purpose 
we plotted in the coordinate system ‘relative 
concentration r<-—reduced time Dt'' a 
family of curves for different distances ¥*; 
corresponding to the position of the openings 
of the instrument (R =2cm). 
All the calculations were made with the 


Y 5 10 16 2 above formula. For determining the 
DE, cm? diffusion coefficient it is sufficient to 
Ce determine from the graph the value of Dt 
PIG UES Biel ee SUES OD ee which corresponds to the measured value 
= es of a , and knowing the time t from the 
Oc 
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beginning of the experiment, to determine the value of D. In the determina- 
; Co roe: ; 
tion of @_~ a correction is introduced for the radioactive decay. From an 


: Cc ae 0?C 
analysis of the curves a =/[(Dt) and from the condition sa =0 one can 
Oc 


Ceo 
determine at the same time the values of ce for which the accuracy of the 


determination of D will be highest. 

The above equipment was used to determine the coefficient of self- 
diffusion of an iodine ion in the soil using the radioactive isotope I! in a 
solution containing sodium iodide. These experiments have shown that 
atomic iodine is eliminated after the introduction of NaI due to the oxidation 
of the sodium iodide in all soils with the exception of sands. However, the 
addition of hyposulfite amounting to one molecule of Na,S,O, per two 
molecules of NaI completely stops the decomposition of the Nal in the soil. 
The diffusion experiments were therefore conducted with a solution 
containing Na,S,O0.. 

Diffusion processes were studied in soils of various mechanical 
compositions: medium-grained sand, silty loamy and heavy loamy soil. 

In all cases the coefficient of self-diffusion of I/8! in a solution of Nal 
was measured as a function of the soil moisture content. The Nal concen- 
tration was 0.5%. The results were compared with those of determining 
the coefficient of self-diffusion of iodine in aqueous solutions /168/. In this 
work data are obtained on the value of this coefficient over a wide range of 
concentrations. In particular, for the above-indicated value of C. (0.5%), 
the self-diffusion coefficient of iodine in aqueous solution was found to be 
equal to 1.8: 1075 cm?/sec. 


¥) 10 


W, % 


FIGURE 17.16. Self-diffusion coefficient D vs. FIGURE 17.17., The reduced diffusion coefficient Kyegvs. 
moisture content W for two kinds of sand (land2), moisture content W for two kinds of sand (1 and 2), 


Diffusion of iodine in sand was studied in two samples of a medium- 
grained texture (quartz sand and sand obtained from the Lower Dnieper 
region). The maximum hygroscopic moisture content of these samples is 
about 0.3%. The results for the self-diffusion coefficient of I'%! for the 
indicated samples are presented in Figure 17.16, from which it follows 
that D increases linearly with the moisture content of the samples over 
the investigated range of soil moisture (W =2—15%). 
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Dwater is the diffusion coefficient of the aqueous solution). It is clear that in 
the limiting case when the soil particles do not affect diffusion processes, 
Kea? |! ; in real conditions Area is obviously less than unity. 

Figure 17.17 shows the variation of the reduced diffusion coefficient with 
changing sand moisture content, from where it follows that Area is almost 
constant and equal to ~ 0.75 within the investigated moisture limits. 

Similar experiments were conducted with soddy-podzolic soil. Its 
principal moisture properties are: maximum hygroscopic moisture content 
3%, moisture content at which meniscuses form 13%, full moisture 
capacity 25%. Curves of D and Krea as a function of moisture content for 
this soil are shown in Figures 17.18 and 17.19. 


We introduce the concept of reduced diffusion coefficient K,.4- (here 


D, cm*/day 


L4 


G2 
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FIGURE 17.18. D= f(W) for soddy- FIGURE 17.19. K,eg=f(W) for soddy- 
podzolic soil. podzolic soil. 


For this soil Dis no longer a linear function of the moisture content; 
accordingly Kreq is not constant, but varies from 0.27 (for W =4%)to 0.8 
(for W=14%). Two "knees" exist onthe graph K =/[(W): at W =5% and 
14%. 

Results of similar experiments with heavy loamy soil are shown in 
Figures 17.20 and 17.21. The principal moisture properties of the soil are: 
maximum hygroscopic moisture content 7%, wilting point 14%. Character- 
istic of this soil are also a nonlinear relation between D and W anda 
nonconstant value of Kra, varying from 0.1(W=8%)to 0.4 (W=32%). 

Salt mobility in soil is clearly related to the moisture distribution in the 
pores of the soil. The data obtained on the variation of K,.q with moisture 
content brings new information on the state of moisture inthe soil. Thus, 
in samples of heavy soil K,g amounts to about 0,1 at low moisture contents 
up to the wilting point. 

This confirms the known point of view of pellicular binding of moisture 
to soil particles and of small contact area between individual pellicular 
formations up to the indicated moisture value. 

At sufficiently high moisture contents, K.,.4 attains a maximum constant 
value. For the investigated samples of silty loamy soil this moisture 
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content is 14%, and for heavy loamy soil it is 30%. For thefirst soil the 
moisture value given corresponds to the moisture content of meniscus 
formation, determined by the method of drying. 

For heavy loamy soil no sharp variation in K,, is observed at any 
definite moisture content, which is probably due to a nonuniformity in pore 
sizes, to the presence of colloidal organic substances and to the gradual 
filling with moisture of small pores over a wide moisture range. 

With regard to sand, Kyeg is constant over the investigated moisture 
range (as expected). This indicates the absence of ''knees' in the state of 
the moisture in a coarse grained medium. These ''knees'' may obviously 
lie at low moisture contents beyond the indicated range. 

The maximum value of K,,,, equal for the investigated soils to ~ 0.75, 
can be obtained theoretically by considering the mobility of particles ina 
complex multiphase medium. Using the results obtained in a number of 
investigations which studied the conductivity of heat and electricity, the 
obtained laws can also be extended to the case of diffusion. If we consider 
a system of two components, one of which has zero conductivity for the 
dissolved salt (solid particles t+air), and the diffusion coefficient D of the 
second is given (moisture), then the reduced diffusion coefficient can be 
expressed approximately by the formula 


2 
Krea= 3_W' 


FIGURE 17.20. D= f(W) for loamy soil. FIGURE 17.21. Kyeg= f(W) for loamy soil, 


This is true in the first approximation for any distribution of the 
components. Substituting in the above formula the values of W which in 
our experiments were equal to 0.15—0.3, we obtain Kreq =0.7—0.74, which 
agrees fairly well with the experimentally obtained values. Apparently, 
when the soil contains organic colloidal substances, in addition to a 
considerable percentage of interaggregate moisture, the value of Kyeg may 
not attain the indicated value. We note that the maximum values of K ted 
given above should also be obtained in the case of gas diffusion in soil air, 
which is confirmed by experimental data. Since the conditions for diffusion 
of dissolved salts in soil and for self-diffusion of ions are identical, the 
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obtained laws may also be extended to the diffusion phenomenon. 


This will 
make it possible, 


in particular, to determine on the basis of existing data 
on salt diffusion in an aqueous medium the rates of salt diffusion in specific 
soil conditions. Knowledge of these facts is important when evaluating 


quantitatively the conditions of mineral nutrition of plants, the mechanism 
of soil salinization, etc. 


An interesting investigation dealing with the movement of soil moisture 
due to a temperature gradient was conducted by Globus /60/ with the aid 
of the Co®® chelate label proposed by him. The known facts on this problem 
reduce to the following: the rate of moisture movement from a hot to a cold 
place is often higher than the rate of vapor diffusion, calculated by Fick's 
law adapted for this porous medium /26/; in dry soil the rate of vapor 
diffusion up to the maximum hygroscopic moisture content or in a hydro- 
phobic soil layer agrees well with Fick's law and only at high vapor content 
does not pass through the latter layer. 

It was possible to explain the described facts by bringing the soil sample 
to a known moisture content through the addition of water containing 
100 mcurie/liter of Co®°(NO,), and 50mg/liter of Trilon B. A temperature 
gradient of 1deg/cm during ~100hr was imposed on a core sample, and 
the radioactivity of the soil sample was afterward measured along the 
whole core. 

Without considering the methodological details and the precautions taken 
in order to eliminate possible errors (allowance for the dependence of the 
Sample activity on its weight, the effect of the position of the sample when 
using a Nal crystal as a scintillator, and So on), we give the result, which 
yields a rate of moisture movement of 4.4-10°' g/cm?-sec; this is 5.5 times 
as high as the rate of vapor diffusion according to Fick's law. If this sharp 
excess in velocity were due to movement of the liquid phase, then the 
radioactive tracer should move together with the moisture flow in the same 
direction. In reality, the tracer moves, at any moisture content, ina 
direction opposite to the moisture, i.e., toward the hot side of the core 
sample (Figure 17.22). This is attributed to the thermoosmosis effect, 


described theoretically in /70/ for soils and confirmed experimentally by 
the data of /71/. 
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FIGURE 17.22. Movement of the soil moisture and the radioactive tracer of the liquid phase 
in the soil due to a temperature gradient: 


a—continuous core samples; b—samples with a hydrophobic soil layer; 1—H,O; 2—Co™, 
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Of interest is also another experiment with the same loam placed in the 
Same case under the same temperature gradient, but having a layer of 
hydrophobic sand 1 cm thick in the middle of the core. The experiment 
showed that in such an impregnated medium, the liquid phase accumulates 
in front of the hydrophobic layer. This is due to the fact that moisture 
transport in such a medium is not by mass flow of liquid, but by capillary- 
envelope flow of moisture evaporated inside the pores and condensed in 
small amounts on their walls /26/. 

We should mention the recently developed methods of isotopic analysis 
using various forms of heavy water as a tracer for determining the wilting 
point. These methods are based on the investigation of the rate at which 
water enters the plant roots. It is shown in /72/ that the rate at which water 
enters the plant root is characterized by a smooth curve with a maximum 
corresponding to three times the maximum hygroscopic moisture content 
of the soil, which is correlated with the most favorable conditions for the 
development of certain plants. A series of studies by Volarovich, 
Gamayunov et al. /73/ investigates the mechanism of moisture movement 
in peats by isotope methods. 
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